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       When I was asked to speak about why research matters, the first thoughts that came to mind related to the 
benefits of research for students, which I think are considerable.  Research is a fundamentally different intellectual 
activity from what I am going to call “book-learning” for lack of a better word.  Book-learning is what students 
spend most of their early formal education doing.  Book-learning is about the preservation and propagation of 
knowledge and systems of thought.  It provides the intellectual foundation for doing research, but it is not research.  
Research is the discovery of new knowledge; of  new ways of understanding ourselves and the world around us; it 
provides new frameworks for interpreting observations and events.  Research is creative, not conservative.  It forces 
students to go beyond what they or anyone else already knows to accomplish something new.  In order to succeed, 
students must learn to grapple with uncertainty.  Research encourages creativity in a way that book-learning alone 
simply cannot do, and there is no substitute for it.  
 
       There is another important way that research benefits students.   Research involves the expectation – the 
necessity – that students do something new and original.  Although faculty advisers play a key role in most research 
projects, no research project involving a student can succeed unless that student takes charge and drives it forward.  
What that means is that the research process forces a change in the teacher-student relationship; it puts the two 
parties on a more equal footing.    The “book-learning” relationship, as practiced at most levels and in most places, 
is strictly hierarchical.  The research relationship is not, at least not ultimately, and it should not be.  The faculty 
adviser may know more than the student, and certainly does initially, but the student who is doing the research is on 
the front line in the search for truth.  The adviser looks at data and provides guidance, but is dependent on the 
student’s experiments, observations, and decisions.  Furthermore, what faculty advisors hope for, and what students 
should strive for, is that through the process of doing research, students will arrive at the point where they know 
better – or at least faster - than their advisors what to do next and are able to explain why.   
 
       Obviously, getting to that point requires considerable initial attention on the part of faculty advisors.  That 
means the students benefit doubly in the research relationship.   First, they benefit from the individual attention that 
is necessary to launch them, as it were, and second, they benefit through experiencing a more equal intellectual 
relationship with their mentor.    
 
       I believe the creativity and ability to deal with uncertainty that research fosters, combined with the double 
benefits of a successful relationship with their advisor, prepares those students who participate in research to be 
leaders – in academia, in high-technology industries, in government, and in their communities.    
 
       In thinking more about what I could say that would be interesting on the subject of research, I began to do what 
I imagine any Professor would do in my shoes.  I began to research the subject of research in universities.  (Here by 
research I simply mean to examine the subject more deeply – by reading).  One of the things I learned is that the 
ideal of the research university was first articulated in Germany by a man named Wilhelm von Humboldt in the 
early 19th century.  Von Humboldt was a German nobleman and he became the Prussian equivalent of the minister 
of education in 1809.   He was responsible for establishing a university, and it was then that he articulated the idea 
that the duty of a university is not to train students for specialized jobs – not to provide what one might call 
“vocational training” -- but to search for “the truth” in both science and the humanities.  He believed that there 
should be a union of research and teaching; that professors who teach should themselves be researchers, and that 
they should pursue their research interests free of Government interference.  He believed that students should have 
both the freedom and the opportunity to choose their course of study.  In von Humboldt's university, teacher-
scholars would engage in research and teach the results of that research to students who were independently trying 
to develop an understanding of the world around them.  In other words, von Humboldt recognized and supported the 
participation of students in the research university. 



 
       Oddly enough, although these ideals were articulated in Europe, they have reached their fullest expression in the 
research universities of America.   Von Humboldt’s ideas directly influenced how research universities in America 
were built, and students from all over the world now come to America to study because there are not many places 
that have been able to fuse cutting edge research with education so successfully.  There are not many places that 
offer students the freedom to do original research, to ask new questions and take new risks in an intellectual journey 
that will lead, to quote Star Trek, “where no man has gone before”.  Everyone at this symposium is participating in a 
process that is both relatively rare in the world and extremely valuable in an educational sense.        
 
       Okay, you may be saying to yourselves, “I can see that there are long-term benefits for a society to have 
students who are creative and who have learned through the research process to think independently. That may in 
itself justify research in a university setting.  But America is also a practical country, and so one must ask whether 
research contributes in a more direct way to society.”   
 
Well, I have some interesting facts for you. 
 
       First, 54% of the basic research done in America is done in universities.  That, to me, is an astonishing number.  
Industry obviously spends more on research and development than universities do, but the emphasis in industry is on 
development, not on basic research.  There are a number of reasons for that – the most straightforward being that 
companies need to balance the risks they take in research with the short-term gains they are likely to receive.  The 
need to do that forces companies into a more conservative position than is optimal for making radical innovations.  
But without research that leads to radical innovations, we cannot continue to lead the world in science and 
technology, and we cannot make progress as a society.  In America, research universities play a major role in filling 
the gap left by industry.  Research universities are the leaders in innovative research. 
 
To give you a sense of the things that has come from America’s research universities in the past century: 
 
• The first recombinant DNA technology.  Recombinant DNA underlies the genomics revolution that is changing 

the scientific and medical landscape.  It has also opened the door for the biotechnology industry and has led to 
all kinds of useful new drugs and therapies that are based on polypeptides.  

• Satellite camera technology – useful for space exploration, weather forecasting, and, of course, spying on our 
enemies, which is, in fact, an important thing to be able to do.  (Unfortunately, as we learned with Iraq, the 
images we collect of enemy activity do require appropriate interpretation.   Perhaps if more of the parties 
involved had had more or better training in research – in the rigorous and precise analysis of data – the outcome 
would have been different.)  

• University research also led to the development of global positioning systems, which are important militarily 
(and which also, if you are directionally challenged and have a fancy enough car, can keep you from getting lost 
as often). 

• The first digital computer was developed in a university, and advances in computer technology continue to be 
made in universities. 

• The Salk vaccine that led to the eradication of polio was invented in a university. 
• Other vaccines – one for meningitis, for example – were also developed in universities, and universities 

continue to play roles in the area of vaccine development.   
• Universities developed the first long-term dialysis technology to treat chronic kidney failure. 
• The antibiotics bacitracin and streptomycin were discovered at universities and they are still in use today.  The 

first synthetic insulin was made in a university. 
• Pap tests and prostate specific antigen tests were developed at universities.  I noticed that one of the posters 

today continues that tradition – it deals with a model for prostate cryoablation. 
• Alimta – a drug to treat a form of cancer (malignant mesothelioma) caused by exposure to asbestos was 

discovered at a research university.  That drug, which was developed by Eli Lilly and was launched just a 
couple years ago, came out of the laboratories of a colleague of mine named E. C. Taylor at Princeton 
University.   

 
These contributions only represent a partial list of discoveries that have originated in universities! 
 



       Many of you may find it easy to see how scientific research in universities can lead to medical and 
technological innovations, but what you may not appreciate is that universities play important roles in other ways.  
For example, university-led research showed that Freon in aerosol cans damages the ozone layer – and the United 
States banned fluorocarbons in aerosol cans as a result.  University research showed that lead-based gasoline causes 
pollution that is harmful to health, and that research that led to changes in policy regarding gasoline use.  I contend 
that this kind of research would not be done in a company because it is not directed towards a product that makes a 
profit—in fact, the regulations that emerged from the studies on Freon and lead-based gasoline cut into short-term 
profits.  But the rigorous evidence provided by universities about the effects of these pollutants was simply too 
compelling to ignore.  These examples show that research universities play a leading role in society not just because 
they educate students to be future leaders, not just because they carry out innovative research that leads to 
technological innovations and medical advances, but because they carry out research that is fundamentally important 
to our survival on this planet.  
  
       University research also led to the development of a computer system allowing quadriplegics to operate basic 
devices, read books, and manipulate their environment in various ways.   Without university research, would this 
have been done? 
 
       Universities also did the first research into educational inequality and provided studies that formed the basis for 
the Head Start program.  I noticed that WSU is continuing in this tradition:  the first talk that will be given today 
deals with the impact of socioeconomic status on academic achievement.  One of the major challenges that 
universities everywhere have a responsibility to think about is how to make education accessible to everyone.  There 
are an enormous number of children in this country who live in poverty, and we cannot call ourselves the land of 
opportunity unless we provide opportunities – and the means to succeed -- to children of all economic backgrounds.   
 
       I noticed there are also some posters related to gender issues, including one from the department of sociology on 
the persistent gender-pay gap.  Gender has been much on my mind lately as a result of comments made by the 
President of my university about why there are so few women in science.  His comments suggested a need for more 
research in this area.   I want to point out, however, that universities have historically played a major role in research 
that has led to new interpretations of gender roles, which have in turn led to changes in policy that have equalized 
opportunity for men and women.  I was born before the passage of Title IX in the early 1970s, and although many 
people think that Title IX is about equal opportunity for boys and girls in sports, it actually makes no specific 
mention of athletics.   It is about equal access to all kinds of educational opportunities.  When I was growing up, 
there were enormous barriers to women in education.  Women could not apply for Rhodes Scholarships and other 
prestigious fellowships.  There were unofficial quotas in medical school admissions nationwide that limited the 
numbers of women to about 15% or less.  Women teachers had to stop teaching when they got pregnant.  Married 
women were not accepted to some professional schools, including many nursing schools.  Partly as a result of 
university research and university action, things changed.  Some universities, including Princeton and the University 
of Virginia, (which believe it or not excluded women until the 1969 even though it is the major state university) 
opened their doors to women.   The subsequent passage of Title IX opened more doors in all kinds of areas 
nationwide, but without universities providing the scholarship that led to new frameworks for thinking about gender 
roles, and without some universities explicitly recognizing their ethical (and practical) responsibilities to ensure 
equal access to education, a nationwide policy might not have been implemented so quickly.  This is another 
example of how university research and behavior helped to influence government policy to promote changes that I 
believe have been beneficial for society.   
 
       So I would say, yes, that after looking into what has emerged from University Research, I am more convinced 
than ever that America would not be where it is without the Research University.  Furthermore, the complexity of 
the world is such that we need to preserve and if possible expand the role of the university because we face 
enormous challenges in the coming century, and I don’t think we want to leave the solutions up to business and the 
government alone.  I believe that universities play a key role in the system of checks and balances that keeps our 
country humane.   
 
 
 
 
 



Okay— 
I’m going to read a quote:  this is by Stanley Fish, the former Dean of the University of Illinois at Chicago and an 
eminent scholar in his own right.  These words come from an editorial published in the New York Times on May 21 
of last year. said  
“Marx famously said that our job is not to interpret the world, but to change it. In the academy, however, it is 
exactly the reverse: our job is not to change the world, but to interpret it.   
 
Don’t confuse your academic obligations with the obligation to save the world.” 
 
Dr. Fish also advised:  “[A]im low and stick to the tasks we are paid to perform.” 
 
       I think the editorial was partly inspired by the last presidential election, which got pretty heated.  I know there 
were lots of discussions in classrooms around the country about the political situation and there were lots of 
discussions outside the classroom about whether the discussions going on inside the classroom were appropriate.  I 
don’t want to comment on that because it is behind us now, but I do want to comment on Stanley Fish’s statement:  
it is not our job to save the world.  I think you can pretty much guess by now that I disagree with that statement.  I 
think that whatever endeavor in which you are engaged in life, it is a part of your job as a human being to contribute 
in whatever way you can to the betterment of society and the world.  The research university provides a forum for 
trying to do that in all kinds of ways, large and small.  And academic freedom – the freedom to choose research 
ideas and areas -- must be preserved because, to be frank, we don’t always agree on what it means to make the world 
a better place.   
 
       I will also add that Stanley Fish’s comment:  “It is not our job to save the world,” suggests that Dr. Fish does 
not understand either the role of research in the American university or the fact that students are a fundamental part 
of the research university.  When he said, “It is not our job to save the world,” he was talking about “We the 
professors”.  He was not talking about the collective “We” of the university.  In the research university, that 
collective “We” includes the students who are doing research.  They are an absolutely essential part of the effort to 
discover the new truths, the new interpretations, the new inventions, and the new worlds. 
 
       So, I would say to you that our job in research is to try to help save the world by doing something new that leads 
to betterment, progress (whether medical, social, psychological, ethical), a better understanding of ourselves, a better 
computer, a better understanding of the past, or a better drug.  Research moves slowly and so most of us have a hard 
time connecting what we do to save the world, but I believe that every new discovery counts.  And the only way to 
make new discoveries in the context of a university is to participate in research. 
 
       I want to end by mentioning a couple of the challenges for research in the 21st century.  I would put computer 
technologies and the ramifications of living in a computerized world near the top of the list.  Computers literally 
affect every aspect of how we live and learn, and in many respects they have changed the world for the better.  
Anyone with access to the Internet can find information rapidly on virtually any subject.   This is a tremendous boon 
to learning, but it also comes with it some responsibility for figuring out how to use the technology and how to 
expand access to everyone.  I noticed that one of the talks to be given to today take on this challenge, the subject is 
how to transition virtual training into the real world.   
 
       A downside of living in a computerized world, of course, is that all our personal information is computerized, 
and there are issues related to how to keep some of that information private.   Another downside is that the 
dependence on computerized networks creates infrastructure weaknesses.  In a world where the possibility of cyber 
crime exists, we need to figure out how to keep certain types of data networks completely secure.  I noticed that one 
talk given today will address issues of security in data networks at airports. 
 
       For me, computer technology also raises identity issues – what does it mean to live in symbiosis with a 
machine?  Someone today is talking on how absurdity in Kurt Vonnegut’s fiction influences reality.  Kurt Vonnegut 
has a lot to say about the absurdity of virtual reality and points out, “We become what we pretend to be, so we must 
be very careful who we pretend to be.”   My point here is that we need people who can stand back and provide a 
framework, a perspective, on the world we live in because you can’t see clearly if you can’t see things from 
alternative perspectives, and that’s true in science as well as every other area of human endeavor. 
 



       Another major area where universities will play a role in the 21st century is sustainability – of resources, of our 
environment, of culture, and of institutions.  I talked a little about how universities have had an impact on policies 
that led to beneficial changes for the environment – banning Freon in aerosol cans, banning leaded gasoline.  
Universities are currently at the forefront of the global warming debate – and that debate will continue, and should, 
for the foreseeable future.  Universities are also at the forefront of thinking about alternative energy sources.  One 
talk this morning deals with wind power, and I think that one of the major roles that universities can play is in 
helping develop alternative and sustainable sources of energy because our current economy is based on non-
renewable energy sources, which, by definition, are not sustainable.   
 
       Natural resources and environmental quality are not the only things we need to sustain, of course.  Universities 
will play an essential role in preserving cultures and languages as globalization threatens to obliterate identities, but 
at the same time they must train students to see beyond regional and national borders because globalization means 
that the human race has a global identity.  Our lot as Americans is intertwined with the lots of the rest of the world, 
and we will move up or down together.  There are several talks and posters from the Departments of Psychology, 
Anthropology, Sociology, and English that deal with interpretations of events, of texts, of individual behaviors.  I 
believe this kind of research provides the training students need to think critically about personal, regional, and 
national identities and interests in the context of a global world.  
 
       I hope I have convinced you that research – research of all kinds – plays a vital role not only in the education of 
students, but in the progress and in the protection of the world we live in.  It is our role to observe and interpret that 
world and, where necessary, to push to make that world better.   
 
       Thank you all for coming.  There is a great day ahead.    
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1. Introduction  
 
       Federal legislation has recently implemented a new policy, No Child Left Behind, which evaluates the success of both 
schools and teacher performance by the test score achievement of their students.  With financial resources dependent upon 
student achievement, it is important to understand what influences the test scores of students.  This study incorporates an 
alternative model examining how student role performance, school resources, and the family background of students 
contribute to student test score achievement.   

 
2. Methodology 
 
       Using the National Educational Longitudinal Study (NELS:1988) data set, this study examines the influence of twenty-
three variables on the test scores of eighth-grade students.  The data set consists of a clustered, stratified national probability 
sample.  After restrictions were placed upon the data, the total sample size is 21,410 students.  Using the Statistical Package 
for the Social Sciences (SPSS), the univariate and bivariate analyses include ANOVAs and t-tests to determine frequencies 
and compare relationships between variables.  Last, Ordinary Least Squares (OLS) multiple regression analysis is used to 
determine the effect of socioeconomic status on the test scores, net of other factors. 
 
3. Conclusions 
 
       The OLS regression results are displayed on the following page using unstandardized values, which allow for 
comparison across the four quartiles.  For the full sample, standardized values are shown as well, to reveal the impact of each 
variable within each model.  As hypothesized, the socioeconomic status of students has the strongest effect on student test 
score achievement net of other variables.  Within the full sample, socioeconomic status is shown to increase test scores by 
.330 points.  Using this alternative model, the adjusted r-square is .467, explaining 46% of the variation affecting test scores.  
The table also displays the strength of model segments across quartiles, with stronger statistical significance within the 
student role performance and family background segments than within the school resource segment.   
 
       These findings are important because they reveal how students from advantaged backgrounds are able to achieve more 
than students from lower socioeconomic backgrounds both within and across educational settings.  School dependence upon 
test score achievement for financial resources from federal and state allocations therefore will severely hinder the success of 
students from lower quartile households and perpetuate student inequality.   
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OLS Regression Analysis of Test Scores by Socioeconomic Quartile 
(Dependent Variable = Test Scores) 

            
 Full Sample First Second Third Fourth 
Variables unstd. 1 std. unstd. 1 unstd. 1 unstd. 1 unstd. 1

Independent Variables                    
Student Role Performance                 

 Female (0,1) -1.966 *** -0.049 -1.965 *** -1.433 *** -2.310 *** -2.707 *** 
Minority (0,1) -5.272 *** -0.110 -5.268 *** -5.938 *** -6.715 *** -4.439 *** 

Handicap (0,1) -5.533 *** -0.107 -3.349 *** -6.748 *** -5.566 *** -7.233 *** 
Held back a grade (0,1) -8.521 *** -0.179 -7.156 *** -8.098 *** -10.241 *** -13.144 *** 

Absent in previous month (0,1) -0.666 ** -0.016 -1.435 *** -0.477   -1.012 * 0.084   
Unprepared for class (0,1) -2.501 *** -0.061 -2.569 *** -2.634 *** -3.044 *** -1.654 ** 
Hours spent on homework 5.070 *** 0.115 0.338 *** 0.471 *** 0.540 *** 0.603 *** 

Student deviance (0,1) -6.433 *** -0.158 -4.62 *** -6.204 *** -7.109 *** -7.713 *** 
Seek help outside of class (0,1) -4.811 *** -0.092 -4.667 *** -4.357 *** -4.900 *** -4.785 *** 

School Resources                       
 Urban (0,1) 0.195   0.005 -0.559   0.276   0.831   1.245 * 
Public (0,1) -2.758 *** -0.044 -3.012 ** -2.195 * -3.043 *** -2.829 *** 

Student to teacher ratio -0.139 *** -0.031 -0.083   -0.107 * -0.078   -0.213 *** 
# Extracurricular activities (0-22) 0.002   0.000 -0.015   -0.028   0.033   0.034   

Family Background                       
Socioeconomic status 0.330 *** 0.261             

Number of siblings -0.173 ** -0.014 -0.184   -0.375 ** 0.020   -0.826 *** 
Two-parent households (0,1) -0.524 * -0.011 -0.039   -0.695   -0.781   1.529 * 

# Topics studied outside school (0-7) 1.814 *** 0.119 1.782 *** 1.797 *** 1.915 *** 1.600 *** 
# Technological resources (0-7) 0.417 *** 0.030 0.261 * 0.681 *** 0.649 *** 1.736 *** 
Students have study room (0,1) -0.844 * -0.013 -0.814   -1.265 * -1.160   0.002   

# Family academic resources (0-5) 2.149 *** 0.117 1.556 *** 2.520 *** 2.776 *** 2.952 *** 
# Number of household rules (0-7) -1.178 *** -0.099 -0.494 *** -1.409 *** -1.142 *** -1.456 *** 
 Parents involved with school (0-4) -2.523 *** -0.125 -1.611 *** -2.880 *** -2.976 *** -3.254 *** 

Access to cultural capital (0-5) 0.993 *** 0.078 0.838 *** 0.985 *** 1.037 *** 1.584 *** 
(Constant): 35.979 ***   45.491 *** 52.516 *** 53.031 *** 52.409 *** 

Adjusted R-sq.   0.467     0.282   0.319   0.317   0.320   
            
1= statistical significance * p<.05; **p<.01; ***p<.001         
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1.  Introduction   
      
       Parkinson’s disease (PD) is a neurodegenerative 
disease in which the brain’s dopaminergic neurons in the 
midbrain are heavily depleted, lowering the 
neurotransmitter dopamine (DA) supply available for 
signal transmission [1].  Loss of dopaminergic neurons 
through PD results in the characteristic loss of motor 
control, shaking, and spasticity [1].  Although PD affects 
over 1.5 million people in the US, researchers do not 
understand the disease’s direct cause and there is 
currently no known cure [2].  The most common 
treatment for Parkinsonian symptoms is administration of 
L-DOPA, the dopamine precursor, to increase the brain’s 
DA level.  Short-term treatment with L-DOPA seems to 
remove the disease’s characteristic tremors, but after 3-5 
years the side-effects of this drug are often considered 
worse than the disease itself.  It is for this reason that it 
would be extremely valuable to develop a focused 
treatment of cure for the disease without the side effects 
of L-DOPA. 
 
       An instance of very early-onset PD was discovered in 
the 1980s in several young men.  The origin of the disease 
was later traced to a contaminant in the illicit street drugs 
they had used.  This contaminant, called 1-methyl-4-
phenyl-1,2,3,6-tetrahydropyridine (MPTP), was 
thoroughly investigated by researchers to determine its 
specific toxicity to dopaminergic neurons.  It was found 
that MPTP is converted to 1-methyl-4-phenylpyridinium 
(MPP+) by monoamine oxidase in the brain, and that 
MPP+ is the chemical which is selectively toxic to 
dopaminergic neurons [3].  PD researchers have 
commonly used MPP+-induced Parkinsonism as a model 
to study the biochemical mechanisms that underlie the 
pathophysiology of PD, but much like the disease itself, 
the definitive molecular mechanism leading to specific 
neurotoxicity of MPP+ has yet to be defined [4]. 
 
       It is well-established that MPP+ is taken up by the 
plasma membrane dopamine reuptake transporter (DAT) 
into the cytosol of neurons, but its exact intracellular 
target for the toxicity is highly controversial.  While some 
argue that MPP+ inhibits mitochondrial complex I leading 
to ATP-deficient cellular death [5], others believe that 
MPP+ interferes with intracellular catecholamine 

metabolism and increases the reactive oxygen mediated 
oxidative stress [6].  Although both theories are plausible, 
no current data clearly explain the severe toxicity of 
MPP+. 
 
       In our laboratory, we have designed and synthesized 
a wide array of MPP+ analogs for use in systematic 
comparative structure-activity studies on mitochondrial 
complex I inhibition, oxidative stress due to altered 
catecholamine metabolism and cellular cytotoxicity.  We 
believe our studies will lead to a better understanding of 
the molecular mechanism(s) of MPP+ toxicity and may 
eventually help to better understand the causes of PD at 
the molecular level. 
     
2.  Experimental 
 
       Mitochondrial Complex I Inhibition:  Mitochondrial 
complex I inhibition by MPP+ is well-known, but detailed 
structure-activity studies of the inhibition have never been 
reported.  To test the effects of MPP+ and its analogs on 
complex I, we have isolated whole mitochondria from 
bovine liver according to the methods of Hovius and 
Lambrechts [7]  and membrane fragments were obtained 
by subjecting intact mitochondria to several freeze-thaw 
cycles.  The coenzyme Q dependent complex I activity 
was determined by measuring the rate of NADH 
oxidations according to the procedure of  Yen, et al. [8] .  
 
       Dopamine Uptake Inhibition:  Bovine chromaffin 
granule ghosts have been extensively used as a model in 
studying the DA uptake and norepinephrine biosynthesis 
in catecholamine storage vesicles as they contain the same 
vesicular monoamine transport protein, VMAT-2 [9].  
This protein transports catecholamines from the cytosol 
into the storage vesicle at the expense of a vesicular H+-
ATPase generated pH gradient. The uptake and/or 
inhibition (with respect to DA) kinetics of MPP+ and its 
derivatives for VMAT were measured using resealed 
granule ghosts as previously described [10].  The Ki  
 
for inhibition of DA uptake was determined for each 
analog using standard data analysis methods. 
 
    Cell Culture/Toxicity Studies:  SH-SY5Y human 
neuroblastoma cells were grown in DMEM high-glucose 
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media in 5% CO2.  Cells were seeded into 96-well plates 
and grown to 80-90% confluence prior to 
experimentation.  MPP+  
 
analog stock solutions were freshly made between 1µM 
and 1mM.  50 µL of toxin solution/media was added to 
each cell well and incubated for 24 hrs, followed by 
addition of 20 µL of 3-(4,5-dimethylthiazol-2-yl)-2,5-
diphenyltetra-zolium bromide (MTT) solution was added 
to each well. After 90 min incubation period, 200 µL of 
acidic detergent solution was added to each well and was 
incubated overnight. The resulting formazan produced by 
viable cells was quantified by the difference in 
absorbance at 570 nm and 650 nm and results are 
expressed as % of control.   
 
3.  Results and Discussion 
 
       Although many more MPP+ analogs have been 
examined, only the 3’OH, 4’OH and 4’OCH3 derivatives 
will be discussed in this article.   
 
Table 1.  DA uptake inhibition studies for selected MPP+ analogs. 
MPP+ Analogs DA Uptake Inhibition 

 Ki for DA Uptake 
Inhibition (uM) Km,(DA) / Ki (Deriv.)

MPP+ 92.4 ± 14.1 0.3 
4’OH MPP+ 82.3 ± 10.7 0.7 

4’OCH3 MPP+ 105.7 ± 14.2 -- 
3’OH MPP+ 2.35 ± 0.1 9.7 

3’OCH3 MPP+ -- -- 
2’OH MPP+ -- -- 

 
  Table 2.  Complex I inhibition studies for selected MPP+ analogs. 

MPP+ Analogs Mitochondrial Complex I 

 IC50 for Complex I 
Inhibition (uM) Relative to MPP+

MPP+ 3515 -- 
4’OH MPP+ 83.5 42.1 

4’OCH3 MPP+ 69.2 50.8 
3’OH MPP+ 424.5 8.3 

3’OCH3 MPP+ 449.8 7.8 
2’OH MPP+ 306.1 11.5 

 
Tables 1 and 2 show the relative potencies of MPP+ and 
its analogs on DA uptake inhibition as well as on complex 
I inhibition.  For analysis, please see conclusion section.   
 
       While comparing the overall toxicity of these four 
compounds over a 24-hour time course, each showed 
clear cellular death in a dose-dependent manner.  While 
this was the case, no overwhelming difference in toxicity 
was observed between the four derivatives.  All four 
compounds exhibited 50% cell death at ~75 µM. 
 
 

4.  Conclusions 
        
       Although each compound exhibited widely different 
effects on both complex I inhibition and dopamine uptake 
inhibition, this does not, as of yet, appear to directly 
correlate into a structure-activity relationship for overall 
toxicity.  In all MPP+ analogs tested, an electron-donating 
group placed in the p- (4’) position greatly increased 
potency compared to the corresponding m- analog, with –
OCH3 showing the greatest potency for complex I 
inhibition.  If complex I inhibition were the sole 
mechanism of toxicity, one would expect to see at least a 
moderate increase in toxicity which parallels complex I 
inhibition, but this was not the case.  Although the 
structural requirements for complex I inhibition 
apparently greatly differed from those for dopamine 
uptake inhibition, neither showed a strong correlation 
with toxicity as all compounds tested exhibited very 
similar toxicities over 24 hours. 
 
       No definitive conclusions can be drawn yet as this 
research is still in its early stages.  The fact that no direct 
structure-dependent toxicity was observed with these four 
analogs does not necessarily preclude these two processes 
from playing roles in the molecular mechanism.  The 
molecular mechanism of the toxicity of these compounds 
could be complex and multi-functional and further studies 
are certainly necessary for full description. Further studies 
are underway in our laboratory examining these and other 
cellular processes to more fully characterize the 
mechanism in question.  
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1. Introduction 

       The presence of network connectivity between the airplane and its ground stations presents numerous challenges in terms 
of security provisioning. Unlike terrestrial networks, the network connecting an airplane with its ground stations cannot sustain 
outages as this would result in not only considerable loss of revenue, but also result in loss of precious human lives. Therefore, 
the security provisioning within the IP network connecting the airplane with its ground stations needs to be carried out to ensure 
minimal, if any, network outages due to malicious network activity, both within and without an airplane. The authors 
summarize the security issues related to airplane data networks and propose an in-house network monitoring tool tuned towards 
airplane data networks that provides real-time warning of impending network threats to allow the network administrators to 
carry out appropriate responses to intrusions.  

2. Security  

       The major component of an Aeronautical Telecommunication Network (ATN) is Mobile IP [1] which provides seamless 
access to network resources irrespective of the location of the communicating node. Mobile IP was introduced as an extension 
to IP; however, it does not inherently support any security mechanisms to ensure a secure means of communication between the 
mobile node and its corresponding home network. Recently, many additions have been made to Mobile IP to improve its 
security feature-set. 

       One of these features is IPSec which can be optionally employed between the HA and the FA to provide a secure means of 
communication [2]. However, tests carried out at the Advanced Networking Research Center (ANRC) at WSU show that IPSec 
operations become a performance bottleneck in the absence of appropriate hardware support. It was observed that with 
increasing number of packets to be processed by the IPSec processes, the CPU utilization increases up to 99% with packets 
getting dropped in the process due to inability of the router to handle the encryption/decryption of the incoming traffic beyond a 
specific limit. Furthermore, the contribution of the cryptography processes to the total CPU utilization statistics is also 
dependent upon data rates.  
        
       With the introduction of a network connection between the airplane and the ground stations, the airplane is assumed to 
cater to three distinct types of networks: Passenger Networks (PN) Crew Networks (CrN), and Control Networks (CoN). In 
order to facilitate an efficient monitoring of network activity within the PN, the CrN and the CoN, the authors recommend the 
application of Intrusion Detection Systems (IDSs) concepts to formulate an intelligent mechanism that would provide real-time 
warning of impending network threats to allow the network administrators to carry out appropriate responses to intrusions. The 
IDS sensors would be located within the individual networks (PN, CrN and CoN) for monitoring. In addition, another sensor 
would be located within the aircraft access network to ascertain if malicious traffic is introduced into the CrN and/or the CoN. 
Due to the lack of appropriate network traces that reflect typical airplane Internet access patterns, the researchers have 
employed standard terrestrial network traces to ascertain the behavior of “normal” traffic streams. The details of the considered 
IDS mechanism are presented next.  

3. Anomaly Detection Engine  

       While conventional IDSs are based upon the availability of “signatures” to ascertain malicious traffic, there usually exists a 
time lag between the identification of a security breach, the development of a “signature” and the application of the signature to 
detect malicious activity. While this is permissible for a terrestrial network a networked airplane cannot afford to have the link 
connecting the ground station with the airplane to be compromised for even a minuscule amount of time. To this effect, the 
authors considered the usage of an anomaly detection based framework to supplement the existing signature based IDSs.  
      
       To introduce anomaly detection into the framework of an IDS, the authors employed snort with a pre-processor plug-in 
called Statistical Anomaly Detection Engine (SPADE) [3]. Every packet that SPADE monitors is assigned an anomaly score. 
The anomaly score that is assigned is based on the observed history of the network. The fewer times that a particular kind of 
packet has occurred in the past, the higher its anomaly score will be. Packets are classified by their joint occurrence of packet 
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field values. For example, packets with specific destination IP addresses and specific source/destination ports would be 
assigned specific (and usually) different anomaly scores.  
        
       SPADE maintains a probability table that reflects the occurrences of different kinds of packets in history, with higher 
weight for more recent events. SPADE calculates a raw anomaly score directly from the probability of anomaly. For a packet 
X, the raw anomaly score is calculated using the formula,  

A(X) = -log2(P(X))  

where, P(X) is the probability of an anomaly that is computed by SPADE by consulting the probability table. The higher the 
raw anomaly score, the greater is the perceived anomaly associated with that packet. SPADE also yields a relative anomaly 
score which lets the network administrator compare the relative anomaly associated with a packet with respect to the other 
packets within the time frame that SPADE has been active.  
        
       The anomaly detection engines will supplement the signature based IDSs that would be located in the same locations as the 
anomaly detection engines. The signature based IDSs would generate alerts based on signatures of known security breaches. 
The anomaly detection engine would alert the network administrator of any network anomaly within the CrN, the CoN and the 
PN. This would enable the network administrator to determine an impending network threat and take appropriate action.  

 
       A few scripts were created (in perl) to parse through the log-files created by SPADE, and to access the MySQL database 
where SPADE and snort write their respective alerts. SPADE has the ability to report malicious packets with a raw anomaly 
score that is above a specific threshold in an effort to reduce the number of false-positives. Every time SPADE detects a packet 
whose anomaly score exceeds the specified threshold value, it is recorded in the log-file and in the MySQL database. SPADE 
was configured to track the anomaly scores and dynamically adjust the more optimum threshold so as to reduce the number of 
false-positives visible in the alerts.  

4. Conclusions 

       A survey of the various security issues related to the deployment of a networked airplane essentially points out to the 
similarities that exist between traditional terrestrial networks and in-flight-networks. However, careful consideration is 
warranted for provisioning the satellite links and the security of the networks within an airplane to ensure minimal disruptions 
in the network connectivity between the airplane and the ground stations. Security issues related to the airplanes are further 
exacerbated by the fact that disruption in network connectivity between the airplane and the ground stations could be a pre-
cursor to a larger security concern and the number of such incidents needs to be minimized. The usage of IPSec is regarded to 
be more appropriate within the framework of a networked airplane. However, simulation results reveal the CPU intensiveness 
of the various encryption and decryption processes within IPSec leading to issues related to its scalability.  
 
       With the usage of an anomaly detection engine within the framework of a networked airplane is expected to yield a better 
defense against impending network attacks from within and outside the airplane. The anomaly detection engine considered for 
the current work is based on a statistical estimation of anomaly and is integrated into snort, a freely available IDS. 
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1. Introduction 
 
       For more than a century before 1997, Kansas was a net energy exporter. Because of declining oil and gas production, in 
1997 Kansas became a net importer of energy. Kansas now imports about 55 percent of its energy from outside the state. 
Forecasts predict this number will increase over the next ten years. While renewable energy production, primarily in the form of 
wind generation and ethanol, is increasing in the state [1, 2, 3], it is not known when these resources will contribute a 
significant portion of the total energy production.  

 
       The U.S. Department of Energy ranks Kansas third nationally for wind energy potential.  In spite of this, very little wind 
power has been developed in the state.  The broad expanse of open plains and high ridges, together with lack of trees, urban 
areas, and large individual buildings makes Kansas an excellent site for wind energy. The total average wind potential of 
Kansas is estimated to be 121,900 MW, of which only 113.7 MW has been developed thus far [4, 5]. Some areas of the Flint 
Hills have high potential for wind energy, which coupled with the presence of high voltage (HV) power transmission lines and 
proximity to the two largest population centers makes this region attractive to the wind industry.  
 
       Because of government incentives and mature wind generation technology, installed wind generation capacity is growing 
rapidly and utilities are interested in its costs and effects on the power system. Integrating wind energy into the transmission 
grid has both technical and economical consequences. The effect of wind’s intermittent nature on transmission and other 
generation needs to be determined and minimized.  
 
2. Experiment, Result, Discussion, and Significance 
 
       Kansas has numerous sites suitable for wind generation. Previous studies show that western and southern Kansas contains 
Class IV and V wind areas. Data also indicates that southern portions of the Flint Hills may have average annual wind speeds in 
the Class V to VI range. No data has been collected for central portions of the Flint Hills, and data collected in the northern 
portions have been solely focused on the Tuttle Creek area. If Class V/VI data previously found in the southern Flint Hills are 
representative of other areas of the Flint Hills, the wind energy potential reported for the area may be significantly 
underestimated [4, 5, 6]. Among several feasible sites in this area, Gun Barrel, Teterville, and Beaumont were chosen for a 
more detailed study. Technical Details of these sites can be found in Table 1.1. 
TABLE 1.1 
Wind Data and Transmission Access Summary of three sites 

Transmission Access 
Site Name Estim. 

Wind Class 
Wind Velocity  
(Miles/Hour) 

Power Density 
(W/M2) 

Capacity 
Potential 

(MW) 

Total Area 
(Acres) Voltage 

Level (kV) 
Distance 
(Miles) Owner 

115 0-2 Western Plains Gun Barrel III 16.2 365 86 12,600 230 0-4 Western Plains 
345 (2) 2-8, 8-10 Western Resources Teterville IV 17.3 430 94 20,000 

115 0-2 Western Resources 
138 8 Western Resources Beaumont IV 16.9 390 127 23,600 345 3-5 Western Resources 

 
A modified power flow study is used to analyze the effects of wind generation on the electric power grid. Data was taken 

from information that utilities and the Southwest Power Pool (SPP) filed with the Federal Energy Regulatory Commission 
(FERC) in 1999, in compliance with FERC Order 715. The model used was the SPP forecast for the 2005 summer peak. 
PowerWorld commercial power flow software was used for the simulation [7, 8]. 
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Incorporating Wind Generators into PowerWorld 
The output power of wind generators is variable with wind speed; therefore, either the load or the other generators in the 

system must be adjusted accordingly to accommodate this power fluctuation. PowerWorld assumes that generators are 
dispatchable. Since wind generators are not dispatachable, the power transaction concept (MW Transfer) was applied to 
incorporate wind generators in PowerWorld.  This concept is normally used to implement a power purchase agreement between 
two areas for a particular time interval. In these simulations, scheduled transfers between wind generators and the utility 
represent wind fluctuations over a given time interval. The simulation is run for 24 hours, first without the wind generators and 
then with all three. For each hour, power flows, transmission line loading, load following generators, and transmission line 
voltages were analyzed. 
 
3. Conclusions and Recommendations 
 
       The system model developed in this thesis added time-varying wind generation to the power flow model of a large 
generation and transmission system. This was implemented successfully in commercial power flow software.  This 
methodology will allow studies of transmission line loading, changes in power flow, and voltage variations, as well as other 
related technical issues involving wind generators in the power system. This simulation can also be used to examine how 
conventional generator output and tie line flows change with variations in wind generation. In spite of the tremendous energy 
potential, interconnecting wind generators to a power system may create many unwanted consequences related to reliability, 
quality, and security of the power supply. These issues can be examined, analyzed and verified using this model. The study and 
analysis carried out here for the Flint Hills area of Kansas resulted in the following conclusions and recommendations. 

• The power flow study shows no transmission overloads on the particular day chosen for simulation. This does not 
mean that overloads would not occur on other days; therefore this should be studied in the future. 

• The system has other generators that adjust their outputs according to changes in wind power. Tie-line flows also 
change, and some of the wind power appears to be exported from the local area. The amount of power imported from 
other areas appears to be decreased significantly by the operation of wind generators. Since the changes in tie line 
flows do not equal the changes in wind generation, some of the generators inside the system must also be following the 
changes in the wind generation. These generators cannot be identified in this study, because they may be connected at 
lower voltages that do not appear in the SPP model used here.  

• The effects caused by these wind generators are manageable and may be integrated successfully into the existing 
system.  

Future Work 
In addition to the power flow study presented in this thesis, contingency and fault analyses should be performed to ensure 

proper operation of the wind generators. Each site has various options for interconnection according to transmission voltage 
levels. Costs related to the different interconnection options should be analyzed. The study of tie-line flows and load-following 
is limited in this study. A further study of tie-line flows and generator-output variations is needed in the future.  
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1. Introduction 
 
       Within the last five to 10 years, food and all things culinary have become obsessions in the national mass media. American 
food culture has, in turn, become popular culture as well. The launch of television’s Food Network (Food) in 1993 may be a 
catalyst for the burgeoning popularity of food culture via the ascension of the celebrity chef. Today, celebrity chefs are no longer 
merely cookbook authors and executive chefs in America’s best restaurants—they are becoming brands in themselves. To 
examine and understand this cultural phenomenon, one must study the success of 45-year-old Emeril Lagasse, Food Network’s 
main star chef and “arguably the best-known chef-restaurateur in America,” as well as the success of Food’s cornerstone show, 
“Emeril Live” [1]. 
 
       In 1997, Lagasse was tapped to host “Emeril Live,” a personality-driven program that “features a live audience and a band 
and showcases not only Lagasse’s cooking skill, but his utter passion for food and his utter hamness” [2]. Today, Lagasse has 
amassed an empire—the largest among celebrity chefs—with more than 150 products including cookware, utensils, cutlery, 
kitchen clothing and signature spices [3]. His 14 cookbooks had sold 3.5 million copies by mid-2003, and his nine restaurants in 
cities like New Orleans, Las Vegas, and Miami had revenues of approximately $95 million in 2003 [4]. He shows no signs of 
slowing down. In May 2003, Lagasse signed a five-year, multi-million dollar contract with Food for 90 new episodes per year of 
the top-rated “Emeril Live” show [5]. Lagasse “can make as much as $25,000 an episode, amounting to $1 million or more in a 
30-episode cycle” [6]. His personal annual earnings were estimated at $7 million in 2003 [7]. 
 
2. Experiment, Results, Discussion and Significance 
 
       The goal of this research was to examine persuasive messages in “Emeril Live” using the rhetorical criticism qualitative 
research method. Given the aforementioned success of the show and its host, this research is rhetorically significant because it 
contributes to the general body of knowledge on food culture in mass media already amassed in the popular culture genre. 
Specifically, this research addressed two questions. RQ1: What are the persuasive communication techniques and messages used 
by producers of the show in episodes of “Emeril Live?” RQ2: Are there recurring themes that may lend to the show’s appeal and 
popularity? The application of fantasy theme analysis offers a critical lens with which to address these research questions. 
 
       Rhetorical criticism “is the business of identifying the complications of rhetoric and explaining them in a comprehensive 
and efficient manner,” which, in some cases, “documents social trends” [8]. To examine how fans of “Emeril Live” come to 
share symbolic realities and, in turn, “become caught up in a group consciousness that provides shared meaning, emotion and 
motive for action,” the employment of Ernest Bormann’s fantasy theme analysis, the backbone of symbolic convergence theory, 
is illuminating [9]. 
 
       The rhetorical artifacts analyzed were two, one-hour videotaped “Emeril Live” episodes. The sample shows—“Chill in the 
Air” on October 18, 2004, and “Cider Rules” on October 19, 2004—were randomly chosen in advance from Food’s online 
programming guide. General content was transcribed, noting interesting quotes and emerging themes derived from Lagasse’s 
comments, actions and movements. Recurring phrases like “Bam!” were counted while studio audience and live band responses 
also were referenced. 
 Four primary fantasy themes emerge from the shows when examining them as rhetorical artifacts. 
 Eroticism & Innuendo 
 
       There is a definite erotic flare to “Emeril Live.” Lagasse’s tone is sultry and suggestive. He utters his breathy, “Oh yeah, 
babe” catchphrase an average of three times per episode when describing a dish he plans to prepare, ingredients he plans to use, 
or, when tasting a dish in the making. Innuendo also finds its way into the commentary. When binding a stuffed and rolled pork 
tenderloin with string, he claims, “To keep all the love in one place, you’ll have to tie it up.” The studio audience quietly laughs 
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and he looks up from his work to give the audience and camera two separate, knowing glances. He disputes proper roasting 
temperatures for moist meat saying straight into the camera, “Believe me, I want to be on the wet side of things.”  
 
       Emeril the Average JoeLagasse tells the audience that when the weather turns cold and there’s a nip in the air, “I get 
hungry!” He repeats the phrase twice then exclaims, “Let’s eat!” His down-to-earth demeanor and casual word choice may 
appeal to the studio and at-home audiences. His rhetorical tone is personal and friendly. His New England accent may be 
endearing to viewers. His oft-used ingredient, garlic, is pronounced “gah-lic.” Also, he is unapologetic about the fact that he 
frequently mispronounces words and uses incorrect grammar. For example, he adds an extra syllable to the Muscat Canelli 
Sabayon brand wine, calling it “Muscadat Canalli.” Phrases like “in them winter, fall salads,” and “some of you guys are askin’ 
why” are examples of how he remains accessible to viewers by coming across as regular and imperfect. There are no airs of 
superiority or upper class mentalities present. 

Teacher, Performer/Host & Joker Roles 
 
       While Lagasse may be viewed as a regular guy, his popularity is possibly aided by the roles he assumes as rhetor. First he is 
a teacher, providing simple, how-to instruction on cooking for his viewers. As he plods along in the process, he regularly asks, 
“You with me so far?” After completing one step he asks, “That wasn’t so hard, was it?” He also takes on the role of a 
performer/host. He enters the studio wearing a blazer and then dons his uniform—a white chef’s coat—showing he is ready for 
action. The audience greets him with applause, cheers and handshakes. Complete with a house band, live audience and frequent 
guests, the show reflects nighttime talk shows like “The Tonight Show with Jay Leno.” Regarding his performance, when 
finishing a salad of bitter greens, caramelized pairs and blue cheese, he raises his arms up in the air like a rodeo calf roper, 
signaling, “I’m done.” In the role of joker, Lagasse’s sense of humor keeps the audience entertained. When sorting salad greens, 
he warns the audience to “watch out for the rubber band” that binds the stems, otherwise they might “eat a salad and floss all at 
the same time.” When preparing a dish of savory, sautéed pears seasoned with salt and pepper, he kids, “Try a little pepper on 
your pears. Say that seven times fast.”  

Love is all we need 
 
       Another fantasy theme focuses on expressions of love, acceptance and happiness. Lagasse frequently employs the word 
“love” in a variety of ways. “Food of love” and “happy, happy” are common “Emerilisms” that appear at least once each show. 
When infusing dried cherries in a pan of hot wine he explains, “I heated it up because we really want to suck the love out of 
those fruits like that.” He reciprocates positive feelings toward the audience at the start of each show by shaking hands with at 
least 18 people and then stretching his arms out as if to say, “Thank you, I am grateful for your praise.” The word love is also 
used in situations where Lagasse might otherwise simply say likes something, as he claims to “love” whatever ingredient or dish 
he is describing. “I love the hearty flavors of pork tenderloin!” he exclaims. 

 
3. Conclusions 
 
       One can look to cable’s Food Network and its star talent, chef Emeril Lagasse, for possible explanations for the nation’s 
burgeoning interest in the culinary world. Lagasse is the proverbial poster boy for the network and his primetime show, “Emeril 
Live,” is the network’s bread and butter. In this research, rhetorical criticism using fantasy theme analysis indicates that four 
general themes may facilitate the show’s viewership and appeal. Explicated themes include: eroticism and innuendo; Emeril as 
the average person; Emeril’s persona roles of teacher, performer/host and joker; and love, acceptance and happiness. 
 
4. Acknowledgements 
 
       I would like to thank Dr. Patricia L. Dooley for her guidance and encouragement throughout this project. 
 
5. References 
 
[1] Iggers, J. (1996). The garden of eating: Food, sex and the hunger for meaning. New York: BasicBooks. 
[2] Walker, R. (2003, August 25). Celebrity TV chefs prepare to open Atlanta-area restaurants. Atlanta Journal and Constitution. 
[3] Romano, A. (2004, Sept. 6). Wants a bigger slice. Broadcasting & Cable, 134 (36), 10-12. 
[4] Hume, S. (2004, June 15). ‘Bam!’; Emeril Lagasse shows that chefs can be brands. Restaurants and Institutions, 36. 
[5] Bam! Food Network and Emeril Lagasse sign five year, multi-million dollar deal. (2003, May 7). Accessed  
     September 10, 2004 at http://prnewswire.com. 
[6] Romano, A. (2004, Sept. 6). Wants a bigger slice. Broadcasting & Cable, 134 (36), 10-12. 
[7] Walker, R. (2003, August 25). Celebrity TV chefs prepare to open Atlanta-area restaurants. Atlanta Journal and Constitution. 
[8] Hart, R. P. (1990). Modern Rhetorical Criticism. United States: HarperCollins. 
[9] Cragan, J. F. & Shields, D. C. (1995). Symbolic theories in applied communication research. Cresskill, NJ: Hampton Press, Inc. 

 10

http://prnewswire.com


  

Reliability of Three Methods for Assessing Active Shoulder 
 Range of Motion  

 
E. Olinger, E. Eis, L. Richardson, and K. Lewis 

 
Department of Physical Therapy, College of Health Professions 

 
 
 

1.  Introduction 
 
       All physical therapists know it is important to use 
reliable methods to measure joint range of motion in order 
to establish a diagnosis, prognosis, and plan of care.1      
Active range of motion (AROM) values vary among 
individuals due to influence of factors such as age and 
measurement methods.   It is important for the therapist to 
have reliable normative data for all age groups and several 
methods of measurement for comparison in determining if 
a motion is impaired.2  

 
       A knowledge void exists concerning comparison of 
goniometry, visual estimation, and stand and reach tests as 
reliable methods of measuring active shoulder flexion for 
the 65-80 year old age group.  Since these three 
measurement methods are all widely used in physical 
therapy clinics, the purpose of this research was to examine 
the  reliability between these three measurement methods 
for active shoulder range of motion in an older population.  
 
2.  Methods  
 
       The sample was limited to healthy, volunteer adults 
between 65 and 80 years of age.  Subjects had no current 
shoulder pathology or other co-morbidities affecting the 
nerves, muscles, and joints necessary to complete full 
shoulder flexion.  
   
       Instruments included a small-arm goniometer 
constructed of plastic, consisting of a body and two arms, 
one stationary and the other mobile.  Goniometers are used 
to measure angles created by the joints of the human body 
and to aid physical therapists in determining the total range 
of motion available at a particular joint.3    
 
       The stand and reach test, which uses a standard tape 
measure in centimeters, has been used by therapists in 
clinics to measure range of motion.4   The conversion from 
centimeters to degrees was based on the Pythagorean 
Theorem (A2+B2=C2) of a triangle.  Side A represents a 
line on the wall from the fingertips to shoulder level.  Side 
B, 30 cm in length, represents a line parallel to the floor at 
shoulder level. Side C represents the subject’s arm or the 
hypotenuse of the triangle.   

The following equation was used to calculate the angle (x) 
of the subject shoulder joint . 
 
Trigonometric ratio:      
Sin-1 x = Side A     
               Side C  
 
3.  Procedure 
 
       One rater was used for all of the measurements.   This 
rater tested all subjects on one occasion.  The order of 
measurement was stand and reach, visual estimation, and 
goniometric.  All measurements were taken in standing 
with subject in bare feet and feet flat on the floor.   The test 
methods were executed in this order to rule out bias of the 
goniometer measurements. 
 
Stand and reach test method: The subject standing height 
was measured from floor to head and floor to shoulder on a 
vertical wall scale in cm. The subject then turned to face 
the wall scale, 30 cm from the wall and actively flexed the 
dominant shoulder to full range of motion.  The position of 
the tip of the middle finger was noted on the wall scale.  
 
Visual estimation method: The subject stood and actively 
flexed the dominant shoulder to the extent of the range of 
motion.  The rater visually estimated the resultant angle 
and reported the value in degrees. 
 
Goniometric method: The subject stood and actively flexed 
the dominant shoulder to the end of the range of motion.  
The goniometer was aligned according to standard 
procedure.  The resultant angle was recorded.  
 
       Data analyses incorporating repeated measures 
technique computed by SPSS 12.0 for Windows were used. 
The alpha level was α = 0.05.   The analysis was used to 
discover any significant difference in the means of 
measurements among three testing methods using the same 
rater, subjects, and instruments.   
 
4.  Results 
 
       The sample included 15 males and 20 females between 
the ages of 65 and 80 years.The mean age of the sample 
was 71.3 years.  Three of the subjects tested were left hand 
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dominant and 32 of the subjects were right hand dominant. 
Intra-rater intraclass correlation coefficients (ICC), means 
and standard deviations for each movement are found in 
Table 1.   
 
5.  Discussion 
 
       For the comparison of goniometric vs.  visual 
estimation, the ICC was excellent.  Comparison of stand 
and reach with goniometric and visual estimation resulted 
in ICCs that were very poor.  These comparisons agree 
with the means for each method of measurement.   
 
       Limitations to the study were found in the stand and 
reach method.   It was difficult to judge how much of the 
subject’s weight was distributed to the wall during the 
stand and reach measurements. Subjects could have used 
the wall to climb higher on the scale, although otherwise 
instructed. It could be possible that stand and reach is more 
accurately a measure of passive range of motion. Other 
limiting factors included the sample size, as well as the 
time of day measurements were taken.  The presence of 
kyphosis or osteoporosis affecting shoulder AROM could 
have affected measurements.    
 
       Further study should be conducted to fully investigate 
all aspects of this topic.  Some texts suggest that a long-
arm goniometer should be used for large body segments, 
while a short-arm goniometer should be used for small 
body segments.3   Other studies, however, report no 
difference in reliability between large and small-arm 
goniometers.5   This study included only a small-arm 
goniometer, therefore, a successive study could compare 
the reliability between the two sizes of goniometers.  
Different results would be expected if inter-tester 

measurements were used to collect data.  Another aspect 
for further study could include a greater number of 
subjects, or a study to compare the measurements taken 
from the dominant arm to that of the non-dominant arm.   
This study was limited to active older adults, therefore 
research using a more diverse sample or specifically 
sedentary older adults, middle-aged adults, adolescents, or 
obese adults could bear different results. 
 
6.  Conclusion 
 
       Excellent agreement can be expected when a therapist 
interchanges visual estimation and goniometric 
measurements of active shoulder flexion from session to 
session to assess a patient’s progress.  If the stand and 
reach method is commonly used in the clinic, agreement 
with other common measurement tools (visual estimation 
or goniometry) will be questionable.   
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Table 1: Results of Statistical Analysis: Shoulder Flexion in degrees by Method of Measurement 

Method of 
Measurement 

Mean  (°) +/- 
SD 

Difference in 
the Mean (°) 

Significance 
Level 

ICC* 

Stand and Reach  
Visual estimation 

156.6 +/-1.5 
151.4 +/-9.5 

5.1 .002 .12 

Stand and Reach 
Goniometry 

156.6 +/-1.5 
150.7 +/-9.2 

5.9 .001 .06 

Visual estimation 
Goniometry 

151.4 +/-9.5 
150.7 +/-9.2 

0.7 .445 .83 

*Intraclass Correlation Coefficient 
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Abstract: Incidents related to hacking and network intrusion 
are on the increase. Most organizations safeguard 
themselves against cyber attacks by employing security 
methods such as encryption technologies, network 
monitoring tools, deploying firewalls and intrusion detection 
and response mechanisms. Even though prevention 
mechanisms are in place the vulnerabilities associated with 
any computer network or security tool can be exploited by 
hackers to generate attacks. A major drawback in 
apprehending cyber criminals is lack of efficient attribution 
mechanisms. This paper proposes a forensic profiling system 
that accommodates real-time evidence collection as a 
network feature to address the difficulties involved in 
collecting evidence against cyber attackers. 
 
1. Introduction  
 
       Configuring security features does not guarantee the 
information systems absolutely foolproof. Evidence 
collection, trace and trap mechanism and identification of 
the attacker are as important as intrusion detection when a 
network attack takes place. Apprehending and prosecuting 
cyber criminals is complicated because of the intercontinental 
nature of the cyber space. Early intrusion detection systems 
(TRIPWIRE, SWATCH) were modeled to detect anomalous 
activities on a single host. In order to monitor the activities of 
the entire network, network-based IDS (Snort, e-Trust, 
NetSTAT and EMERALD (Event Monitoring Enabling 
Responses to Anomalous Live Disturbances) came into 
existence. Collaboration between the different intrusion 
detection and response systems has been the focus of recent 
research [1], [2]. In this paper we propose a mechanism for 
real-time forensic evidence where each network element is 
capable of detecting suspicious activity and provides 
evidence for  the same in the form of log entries indicative of 
the malicious activity. 
 
2. Proposed Forensic Model 
 
       Different nodes in the network are capable of 
contributing to the security of the entire network if security 
features are configured and enabled. The forensic profiling 
mechanism is based on client-server architecture where each 
node in the network, referred to as a forensic client, is 
capable of detecting an anomaly and warns a central server, 
the forensic server about the same in the form of an alert. All 
forensic clients participate in distributed intrusion detection 
and therefore maintain logs. The forensic client can be a 

router, a signature analyzer, an IDS, a firewall or a host in the 
network. The logical architecture for the forensic profiling 
system is shown in Fig. 1. 
 
 
 
 
 
 
 
  
 
 
 
 
 
Fig.1 Logical Architecture for the Forensic Profilin
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to the forensic clients and eventually an audit trail is 
embedded in the forensic profile. There is a latent time period 
when the entire network is behaving normally. During 
latency the forensic server maintains a database of latent 
profiles of all known attacks. A latent profile may become 
active when an alert is generated. Fig. 2 depicts the 
relationship between Alert X received from a forensic client 
with the forensic profile database that shortlists the active 
profiles. Also, Alert X is a subset of alerts associated with 
forensic profiles 2 and 3. 

Match Alert X

Forensic Profile Database

Profile Descriptor 1

Alert A

Alert X

Alert B
Profile Descriptor 2

Alert Z

Alert W

Alert Y

Profile Descriptor 3

Alert X

Alert W

Forensic
Server

 
Fig.2 The forensic server scans for Alert X in the forensic profile database. 
The scan results in transforming Profile Descriptors 1 and 3 as active. 
 
       The forensic server builds the entire profile by making 
use of the alerts received from the forensic clients and the 
forensic profile database. The forensic server is capable of 
collecting real time evidence of the attack because of the 
alerts triggered at different stages of the attack which in turn 
enables the forensic server to store all the log entries 
pertaining to the attack. 
 
3. Experimental Results 
 
       The experimental set-up constituted of two separate 
networks. A linux machine was configured as a router that 
comprised of two network interfaces 192.168.1.0 and 
10.10.1.0. An attack was simulated by a host on 10.10.1.0 on 
to the 192.168.1.0 network. The forensic server and client 
modules were deployed on the machines that belonged to 
192.168.1.0 network (the victim). In order to enhance the 
logging mechanism, a network-monitoring tool called iplog 
was used. The tool, iplog is a TCP/IP traffic logger capable 
of logging TCP, ICMP and UDP traffic. It also has the ability 
to detect port scans, null scans, FIN scans, smurf and bogus 
TCP flags. The log entries generated that eventually led to 
alerts to the forensic server for SYN-FLOOD attack are 
summarized in the next section. 
 
3.I Denial of Service Attack (SYN-FLOOD) 
       The most common form of DOS attack is the SYN-
FLOOD attack. The SYN-FLOOD attack works by creating 
numerous half-open connections. This occurs when the 
attacking system sends SYN packets to a server with 
different spoofed IP addresses. This results in a half-open 

connection as the server sends a SYN-ACK packet but never 
receives an ACK from the client. A pending connection is 
written to a buffer of limited size. As the attacking machine 
creates an ever-increasing number of pending connections, 
the buffer eventually overflows and the server is no longer 
able to handle any more connection requests. Thus the server 
is unable to serve the requests initiated by legitimate users. 
This leads to increased traffic intensity. If a DOS protection 
mechanism is in place, the server will suppress further 
requests and that event is logged in the system logs. The 
number of requests suppressed depends on the rate limiter. 
Also, connection attempts by large number of IP addresses 
(spoofed) increases the frequency of log entries. Thus, the 
DOS attack profile in its nascent state is as shown in Fig. 3. 

DoS Profile Descriptor

BandWidth {Subject IP,
CurrentUtil}

LogIntensity {Subject IP,
FreqLogEntries}

MesgsSuppressed {Subject IP}

CompoundConn{Subject IP}
 

Fig. 3 The forensic profile for Denial of Service attack initiated by SYN 
Flood. 
System logs that indicate DoS protection in progress: 
Dec 8 03:25:26 localhost kernel: printk: 525 messages 
suppressed. . 
Dec 8 03:25:31 localhost kernel: printk: 521 messages 
suppressed. . 
Dec 8 03:25:36 localhost kernel: printk: 513 messages 
suppressed. . 
Iplog entries that indicate compound connection 
attempts: 
Dec 8 03:25:52 TCP: http connection attempt to 192.168.1.1 
from 139.142.70.51:1722 
Dec 8 03:25:52 TCP: http connection attempt to 192.168.1.1 
from 220.109.233.12:1047 
Dec 8 03:25:52 TCP: http connection attempt to 192.168.1.1 
from 95.163.14.119:1972 
 
4. Conclusions 
 
       In this paper we have proposed a forensic profiling 
system for real-time forensic evidence collection. A 
dedicated server, the forensic server is capable of maintaining 
an audit trail embedded in the forensic profile. The FPS 
would help in reducing the time spent on forensic 
investigation after the attack has occurred. 
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1. Introduction 
 
       Photosynthesis is the process by which plants and some types of bacteria convert light energy into chemical energy.[1]  The 
photosynthetic reaction center consists of chromophore arrays, which upon interaction with a specific wavelength of light, 
become excited to their singlet excited state.  The energy is then funneled to the reaction center by a singlet-singlet energy 
transfer mechanism, whereby the excited electron undergoes several subsequent electron transfer steps to generate a long-lived 
charge-separated state.  The stored energy, in the form of the charge-separated state, is later converted to useful chemical 
energy.   
      
       In order to gain a greater understanding of these relatively complex photo-chemical processes many synthetic mimics have 
been prepared and studied.[2]  Most of these systems consist of porphyrin derivatives linked with one or more energy and/or 
electron transfer entities.  These different entities may be connected by covalent and/or supramolecular type linkages.   
 
       Here, we have synthesized a covalently linked dyad composed of 
a zinc porphyrin and boron dipyrrin entities (ZnP-BDP).  A 
supramolecular triad was then assembled by the addition of imidazole 
appended fullerpyrrolidine (C60Im) which bound to the zinc atom at 
the center of the porphyrin macrocycle (Scheme 1).  Upon selective 
excitation of the boron dipyrrin entity of the triad (λex=502 nm), 
photo-induced energy transfer from the singlet excited state of boron 
dipyrrin to the zinc porphyrin was observed.  The singlet excited zinc 
porphyrin then undergoes electron transfer to the fullerene entity, thus 
producing a charge-separated species.  This is the first reported 
example of a working model of the photosynthetic antenna-reaction 
center complex, constructed via self-assembled supramolecular 
methodology. 
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2. Discussion 
 
       The studied compounds were synthesized via procedures described in the paper discussing this project that has already 
been published.[3]  The studied compounds (ZnP-BDP and C60Im) were characterized by 1H NMR, UV-vis absorption 
spectroscopy, and ESI-MS.  Energy transfer for the dyad (ZnP-BDP) was probed by steady-state and time resolved fluorescence 
spectroscopy.  Upon excitation of the BDP entity of the dyad (λex=502 nm) the fluorescence emission of BDP was quenched 
and two new emission peaks were observed in the spectrum at 600 and 650 nm.  These peaks correspond to the emission of zinc 
porphyrin. Time-resolved fluorescence also 
confirmed the occurrence of singlet-singlet energy transfer in the dyad.  Upon laser excitation of the BDP entity of the dyad 
(λex=388 nm), the fluorescence emission was monitored on the picosecond time scale.  Time profiles of the experiment show 
the decay of the BDP emission and the simultaneous enhancement of the ZnP emission.  These results are in agreement with the 
steady-state fluorescence emission data.  Energy transfer in the studied dyad was found to be an efficient process (kENT

singlet = 
9.2 x 109 s-1; ΦENT

singlet = 0.83). 
      
       Formation of the supramolecular triad (ZnP-BDP-C60Im) was monitored by UV-vis spectroscopy.  Upon addition of C60Im 
to a solution containing ZnP-BDP the Soret absorption band of the zinc porphyrin decreases in intensity and becomes shifted to 
a longer wavelength.  This shift in the Soret band of the zinc porphyrin is a typical spectral feature of the zinc atom becoming a 
five coordinate species.  Several isosbestic points were revealed which indicates that the metal binding is an equilibrium 
process.  The UV-vis absorption data was analyzed via the Scatchard method to arrive at a binding constant for the 
supramolecular complex (K=16,500 M-1).[4]  
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       Electron transfer in the supramolecular triad was monitored by steady-state and time-resolved fluorescence, as well as 
transient absorption spectroscopy to characterize the excited state species.  Upon excitation of the BDP entity of the triad 
(λex=502 nm) the steady-state fluorescence revealed quenching of both the BDP and ZnP emission.  The BDP is quenched due 
to energy transfer to zinc porphyrin, while subsequent electron transfer to the fullerene causes the quenching of the ZnP 
emission.  Time-resolved fluorescence decay profiles revealed accelerated decay of the zinc porphyrin emission in the triad 
versus pristine ZnP.  This accelerated fluorescence emission decay is a result of electron transfer to the fullerene entity.  The 
excited state species were characterized by transient absorption spectroscopy.  Bands for triplet excited zinc porphyrin and 
fullerene were observed in the spectrum at 850 and 700 nm, respectively.  Also, a broad band at 1000 nm was observed which 
is characteristic of C60 anion radical, thus indicating that electron transfer is occurring in the triad.  This was found to be an 
efficient process in the triad (kcs

singlet = 4.7 x 109 s-1; ΦCS
singlet = 0.9). 

 
3. Conclusions 
 
       The first example of a working model of the photosynthetic antenna-reaction center complex, constructed via self-
assembled supramolecular methodology has been achieved.  For this, a supramolecular triad was assembled by axially 
coordinating imidazole appended fulleropyrrolidine (C60) to the zinc center of a covalently linked zinc porphyrin-boron dipyrrin 
dyad, ZnP-BDP.  Selective excitation of the boron dipyrrin moiety in the boron dipyrrin-zinc porphyrin dyad results in efficient 
energy transfer creating singlet excited zinc porphyrin.  Upon forming the supramolecular triad, the excited zinc porphyrin 
undergoes efficient electron transfer to the coordinated fullerene resulting in a charge-separated state.  The observed energy 
transfer followed by electron transfer in the present supramolecular triad mimics the events of natural photosynthesis. 
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1.  Introduction 
 
       A complete understanding of orientalism in art and music in the Western world remains incomplete even though much 
research has been done. Much of the research on this topic has been slanted by Edward Said’s view that orientalism is a form of 
imperialism and fraught with political agendas. Even though I am Asian and am aware of some instances where the East has 
been exploited, I approached this research project with an opposite focus that the West does not always mean to deprecate the 
East when it adapts Oriental idioms. Artists and composers are frequently the least interested in politics and would probably 
prefer to remain uninvolved. On the other hand, it does not mean they are unobservant of the times and the social issues that are 
at hand; sometimes they are simply caught in between politics. I would argue that the composers I wish to discuss today, used 
an oriental tune in their compositions, but had no political agendas and treated this melody respectfully.  
 
       “Jasmine Flower” or “Mor-li-hua,” a famous Chinese melody has been documented by many, transcribed by many, and 
creatively used by several different composers. This tune, a simple melody based on the pentatonic scale, anchored the opening 
performance of the Beijing 2008 Olympics welcome presentation, at the closing ceremony of the Olympics in Athens earlier 
this year; thus, is the popularity and patriotism this melody symbolizes for the people of China. Opening with a Chinese 
instrumental ensemble, accompanied by a modern techno beat and closing with an unaccompanied version of this song sung by 
a child, the melody retains its charm. It is unquestioningly one of the most famous Chinese folksongs today. There are about six 
known variants of this melody. The most famous variant, made well-known by Puccini in Turandot [1] is the same utilized by 
Arensky in his Etude op. 25 no 3 [2], Grainger’s Beautiful Fresh Flower [3] and the latest rendering by award-winning Chinese 
composer, Tan Dun in the first movement of his Symphony 1997 [4]. 
 
2.  Discussion and Significance 

 
       The East has always held a seductive grasp on the West. Considered unusual, yet highly regarded, many artists looked to 
the East for inspiration, blending the exotic with their own authenticity. The famous Chinese melody, “Jasmine Flower” has 
been used by at least three different composers as the basis for their works. It is the only authentic Chinese melody in Puccini’s 
opera, “Turandot,” and the Australian-American composer, Percy Grainger and the Russian composer, Anton Arensky both 
have piano settings of this tune. The simple tune, based on the pentatonic scale is raised to a higher level of art by elaboration 
and/or harmonization. Percy Grainger’s work successfully captures the authenticity of the Chinese theme through pentatonic 
harmonization, but Arensky’s and Puccini’s works display the exoticism of the melody through diatonic harmonization. The 
three different settings of “Mor-li-hua” display the three different approaches to the assimilation of orientalism into their 
compositions intended for Western instruments and audiences. 
 
       Grainger, who based his work on Joseph Yasser’s earlier harmonization of the tune, proves that even the most superficial 
use of the Chinese pentatonic scale has beauty in its simplicity. Yasser harmonizes the Chinese melody related to “a fresh 
beautiful flower” or with a “bouquet of flowers” using only the melody’s five notes, in the key of C major. [5] Grainger set this 
folksong in the key of F-sharp major, utilizing only the black keys of the piano. The use of the pentatonic scale or just the black 
keys of the piano is considered as superficial or unsophisticated since it is often found in beginner piano method books, but the 
beauty of this setting is in its simplicity. Adhering to Chinese harmony, most of the intervals are either fourths or fifths. The 
piece exposes the different sonorities of the piano, exploring the extreme upper register and the middle register. If one were to 
hear this piece without knowing the composer, one would assume that it was written by a Chinese composer.  
        
       In contrast, Arensky displays a more sentimental aspect of this tune, but elaborates it into a sparkling display of piano 
technique. Written in the 1890s, it is the third piece in a set of four pieces. Arensky’s source for his melody remains unknown. 
Set in the key of G-flat major, the piece is in a two-part form, opening with original material by Arensky and interspersed with 
“Jasmine Flower.” The etude material is marked by a florid instrumental melody interspersed with brilliant scale passages and 
the use of chromaticism in the accompaniment. The only hint of orientalism in Arensky’s work is the Chinese tune and a brief 
pentatonic scale passage at the end. Arensky’s piece portrays the fresh innocence and elegance of the fascinating East. This is 
parallel to the folk lyrics of this tune, singing of the beautiful, fragrant, untainted white jasmine flower. The juxtaposition of the 
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chromaticism in the etude material and the diatonic treatment of the Chinese melody may bear some similarity to Puccini’s use 
of this tune. Puccini associates the main character, Turandot, a foreign princess, of his opera with this melody. The tune reflects 
the softer side of Turandot, her innocence and purity. Again, there are parallels to the folk lyrics, as the jasmine flower is 
elevated above all the flowers in the garden and also a symbol of purity. Was Puccini aware of the folk lyrics? There is no 
evidence since he only discovered the tune through a music box. The harmony of the tune is Western with two additional notes, 
resulting in a Mixolydian mode which gives the opera its ancient feel. The tune goes through several transformations, 
appropriating it to the different scenes. The exoticism found in Puccini’s opera is definitely tied to the fairytale setting, meant to 
be in “Peking in legendary times,” [6] therefore the authenticity of the tune settings is not as important as creating the scene and 
backdrop for the characters. Pentatonic harmonization is used for the common folk characters as opposed to the diatonic 
harmonization given to royalty. However, the setting of the pentatonic “Jasmine Flower” to Western harmony somehow made it 
a royal theme.  
 
3.  Conclusions 
 

Arensky’s and Puccini’s setting of “Jasmine Flower” contain few Chinese characteristics. Arensky’s work is a romantic 
styled piano etude where the melody is the contrast to the technical material, used for exotic purposes. If Arensky set a native 
Russian folk tune in this etude, it would not be as unique a piece and might be lost in the vast amount of piano literature. Even 
though Puccini’s harmonization is Western, he did orchestrate some Chinese percussion instruments into his opera. Puccini’s 
aim may not have been to imitate Chinese culture, but to bring forth his own representation and create a new work. Arensky 
and Puccini used this tune as a basis, a reference point for their own creations, not as much as Grainger, who aimed to be as 
authentic to the tune as possible. Instead of forcing Eastern music to conform to Western structures and harmonies, Grainger 
sought to recapture the authenticity of the source. These two diatonic settings paint part of the picture of how the Orient is 
viewed or transformed when it is taken captive by the West. It can be treated well, or with respect or approached with 
imagination but on the other hand it could be misunderstood. Arensky elevates it to a very artistic level, demanding a flawless 
technique to execute the piece. Puccini treats the melody with respect, associating it with Princess Turandot but his selective 
use of pentatonicism reflects his view on the oriental society, which in all likelihood was shaped by the society of that era. 
Puccini himself did not claim to be informed and eloquent in the matters of Chinese culture.  
 
       Does “Jasmine Flower” lose its Chinese characteristics in the Western settings? To the Chinese ear, Arensky’s and 
Puccini’s harmonization will always sound Western even to the extent of being incorrect, whereas Grainger’s “Beautiful Fresh 
Flower” would be the most familiar and pleasing, taking into consideration that the piano is a Western diatonic instrument. 
Above all, in all the transformations and different harmonization, the melody will always be essentially Chinese and will 
always be recognized by the Chinese. “Jasmine Flower” will always be “Mor-li-hua” even in the three different lights.  
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1. Introduction 
 
       According to the American Society of Mechanical Engineers [1], tolerance is the total amount by which a specific 
dimension is permitted to vary from its nominal value. Tolerance allocation, also called tolerance synthesis, is carried out at the 
process planning stage in order to distribute the component’s design-specified tolerances, also called blue print (BP) tolerances, 
among the various operations required for the production of that component. These operational tolerances represent the limits 
that each process should comply with such that the final product is produced within design specifications. Every tolerance 
allocation model in the process planning stage should fulfill the requirements of the BP tolerances. One or multiple operational 
tolerances may stack up to a one BP tolerance. Tolerance stack-up is handled by the identification of the tolerance chains. The 
tolerance chain identification relates to the recognition of the relationship between the operations based on their sequence and 
the determination of the effect of each operation on the dimension of the produced component.  

       Besides tolerance chain identification, process capability is the other important factor that must be considered when 
assigning the operational tolerances. Operational tolerances must be wider than the process capabilities values in order to 
ensure feasibility. It is customary to use the 6-sigma (± 3σ) spread in the distribution of a product quality characteristics as a 
measure of process capability [2]. The boundaries of the 6-sigma spread are the upper and lower process capability limits (UPC 
and LPC). The current tolerance allocation research use the LPC value as the restriction that a process should comply with. In 
fact, formulating the process capability by the single LPC value disregards the stochastic nature of the process capability and 
just represents the worst-case performance of a process. 
 
       This paper introduces a new tolerance synthesis models for the production of individual components. Two models are 
presented; a tolerance allocation with probabilistic process capability (TAPPC) and a tolerance allocation with fuzzy process 
capability (TAFPC). The TAPPC model implies the stochastic nature of process capability. This model is capable of handling 
both the centered and shifted processes. In the TAFPC model the process capability is formulated as a linguistic variable with 
fuzzy values. This model utilizes the expert’s knowledge regarding the capability of a process to accomplish a specified task.  
 
2. Description of the mathematical models 
 
2.1 The TAPPC model 
     
       The TAPPC is modeled as follows:   (1) 
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where: n: the number of operations, k: the number of blueprint specifications, fj: the jth functional relationship between 
operational tolerances and a tolerance-blueprint specification, ti: operational tolerance i, BPj: the blue print tolerance j, mi: the 
mean of operation i, σi: the standard deviation of operation i, and αi: the risk factor for operation i 
      
       The objective function is to maximize the summation of operational tolerances. The first set of constraints ensures that 
tolerance stackup does not violate the BP tolerance requirements. The second set of constraints represents the probabilistic 
process capability requirements. Assume that the operations outputs follow the normal distribution. Then, the probability for an 
operation to produce the required operational tolerance ti is used in the process capability constraint for that operation. Based on 
expert’s opinion, the risk factor, α, is used as a tool to assign various preferences for the operations.  
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2.2 The TAFPC model 

       In this model, the expert’s evaluation of process capability is formulated as a linguistic variable that has different levels 
each with a specific membership function. Based on Zimmerman’s approach [3], the TAFPC is modeled as:  
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where: λ: is a dummy variable, OBJ: is a value for the summation of the operational tolerances that we are trying to achieve, 
FROBJ: Fuzziness range for the OBJ, FRBPj: Fuzziness range for the BPj, FPCi: fuzzy process capability for operation i. This 
value is evaluated by the expert, FRi: Fuzziness range for operation i. 
 
       In this formulation, the objective function of maximizing λ is equivalent to maximizing the summation of the operational 
tolerances shown in equation (1) above. The OBJ variable is related to a value for the summation of the operational tolerances 
that we are trying to maximize. This OBJ value is formulated to be fuzzy with a range of FROBJ. The range of fuzziness is 
defined as the distance from the point where a fuzzy membership function has a full membership value (that is one) to the point 
where the value of the membership function becomes zero. In the same way, each one of the constraints that is related to the 
tolerance chains of the BP is formulated as a fuzzy variable with a fuzzy range of FRBPj. The other group of constraints is the 
fuzzy process capability constraints. According to the expert, each operation is evaluated based on its capability to perform the 
required job. This fuzzy process capability (FPCi) is formulated as a linguistic variable. The membership functions of these 
variables are also selected based on the expert opinion. Different membership functions can be used; the trapezoidal is adopted 
in this research. The fuzziness range (FRi) for a process capability is associated with the type of the selected membership 
function. The model shown in equation (2) is a FLP model. It can be solved by using an optimization package.  
 

2.3 Application Example and discussion 

       The suggested modeling methodologies were applied to real-life tolerance allocation examples. The results were compared 
with the results of an LP model for the same examples. The LPC values were used to represent the process capabilities in the 
LP model. Both the TAPPC and the TAFPC models produced higher tolerances than the LP model which means lower cost. 
The TAPPC model shows superiority over the TAFPC model. Besides higher allocated operational tolerances, the TAPPC 
model resulted in the lowest failure rates among the three models.  
 
3. Conclusions  
 
       Effective expert’s-based approaches incorporating the stochastic and fuzzy nature for process capability have been 
proposed for the determination of operational tolerances. The presented TAPPC model captures the stochastic nature of 
process. Furthermore, it has the capability of handling both centered and shifted processes. The TAFPC model avoids the errors 
resulting from conducting a process capability study. For both the suggested models, expert’s opinion is crucial in deciding: 
how critical an operation is, the levels of process capability, and what type of membership function to use. By adopting the new 
models, higher operational tolerances are assigned, which means less accurate machines, i.e., lower manufacturing cost, can be 
used in the production of a specific product.  
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       The study of English requires not only the ability to recognize and understand the significant details of a written work, but 
also to draw critical comparisons to the world that surrounds the text, whether they come from the opinions of academic 
scholars, other works by the author, texts written by different authors, or most importantly the ideas of the reader.  For the study 
of English to succeed, readers must take an active role by dissecting the written word and determining for themselves what the 
text means to them and their world, and proceed according to their ideas.  Having an interest in Raymond Carver’s short fiction 
and its gritty detail of life in late-twentieth century America, I wanted to find a place for the work in the wide spectrum of 
American literature, specifically exploring how Carver’s work, loosely based in the 1970’s and early 1980’s, compares with the 
work of other pieces of American literature that appeared only years before.  Another well-recognized twentieth American 
writer, Kurt Vonnegut wrote Slaughterhouse Five as a reaction to his own personal experiences during World War II, 
describing the atrocities of war and its effects on those fighting.  Published in 1969, Slaughterhouse Five to this day is 
recognized by many to be the quintessential model of postmodern literature, its fragmented style of storytelling and biting 
social satire serving as examples for the genre that gained popularity in the 1960s. 
 
       While Vonnegut’s novel takes aim at the circumstances of war in a disjointed and almost humorous fashion, Carver works 
in a very different atmosphere.  In his collection of short stories, What We Talk About When We Talk About Love, Carver 
employs a stand-back approach with his stories, choosing to give the reader very little detail or background information, leaving 
the stories to focus solely on the present actions of each character.  Many critics refer to this style as minimalist, a style that 
gives the reader only the necessities of the story and nothing more.  What We Talk About When We Talk About Love is the 
consummate representation of the minimalist genre, concentrating sparingly on the lives of Carver’s characters.  Considering 
the difference of style and substance, research comparing Vonnegut and Carver is minimal, if existent, and because of this gap, 
I feel it necessary to explore ways to bring these two famed writers closer together in a critical context.  What I have chosen to 
do is examine these two celebrated late twentieth century novelists and look at their characters to see how they react to the 
situations that surround them.  Whether it is young American men fighting in World War II or alcoholic, lower-class workers, 
both texts illustrate how late twentieth century American characters feel removed from reality, and as a response, escape into 
absurdity. 
 
       In terms of literary criticism, absurdity is the inability of a character to confront issues that surround him, often leaving the 
character to feel isolated and confused during bewildering situations.  In essence, absurdity in the literary sense denotes the 
basic human condition of those living in the late twentieth century.  It suggests that individuals can be a part of the action, yet at 
the same time feel cut off from everything that happens.  With Vonnegut and Carver, one can see that although American 
characters can exist in a variety of locales and periods, one particular attribute that they all share is the failure to connect to the 
events that evolve around them, and with this failure to connect to reality comes a retreat into unexplainable situations. 
 
       In Slaughterhouse Five, Vonnegut introduces the reader to Billy Pilgrim and his life, broken into smaller events that do not 
appear in any particular order.  In a confusing manner that reflects the entire novel, Billy is able to travel to different moment in 
his life, often flashing back for only minutes to his past, simply to return to the present moments later.  Fighting in World War 
II, Billy becomes a prisoner of war, and finds himself stuffed in a boxcar with other prisoners of war, some who are rapidly 
approaching death.  While he sits confined to a corner of a soiled prison box, he escapes from reality and finds himself years 
later, sitting alone in his house late one night, watching an old war movie on television.  “Billy saw the war movies backwards 
then forwards- and the it was time to go out into his backyard to meet the flying saucer” (Vonnegut 75).  Within seconds, Billy 
is capable of leaving the existent world of torture and death to locate himself in a peaceful, serene environment where he 
watches an old war movie that moves backwards and then forwards.  The escape becomes literal as his mind takes him away 
from his current condition, and by being able to leave the present and move through time, Billy enters into absurdity by 
escaping time and space, evident by his meeting with flying saucer.  The flying saucer Billy encounters introduces the 
Tralfamodorians, a civilization from beyond Earth’s galaxy.  Upon boarding their saucer, Billy learns of the Tralfamodorian’s 
methods and their understanding of time and free will.  After only a brief meeting, Billy finds himself once again in the boxcar.  
“The terrific acceleration of the saucer as it left Earth twisted Billy’s slumbering body, distorted his face, dislodged him in time, 
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sent him back to the war.  When he regained consciousness, he wasn’t on the flying saucer.  He was in a boxcar crossing 
Germany again” (Vonnegut 77).  There is not a linear element of time in Slaughterhouse Five, as Billy Pilgrim is free to move 
not only back and forth in time, but beyond reality.  Billy escapes reality by visualizing a shift in time and location, finding 
himself transferred from a boxcar, to his house, and to a flying saucer.  “Here we are, Mr. Pilgrim, trapped in the amber of this 
moment,” the Tralfamodorians pronounce.  “There is no why” (Vonnegut 71).  The Tralfamodorians’ failure to provide an 
explanation to existence illustrates the absurdity of the novel.  Billy Pilgrim never becomes able to comprehend the reality of 
war or its outcome, and therefore he must rely on the disjointed structure of his mind to escape into the absurd. 
 
       Carver fills What We Talk About When We Talk About Love with characters often on the verge of collapse, struggling with 
common daily problems and the inability to connect with other people.  In the short story “Viewfinder,” the narrator greets a 
photographer with chrome hooks for hands at his door, and through the first half of the story, the narrator and the photographer 
tiptoe around subjects, never addressing any problems firsthand.  The underlying issue is that both men were once married and 
both bear scars from that period, the narrator psychologically, the photographer physically.  When an opportunity for the two to 
connect develops, the narrator asks the photographer to take his picture outside around his house.  Finding himself on top of his 
house, the narrator finds a pile of rocks he believes to have been thrown by neighborhood children: 
 
“Ready?” I called, and I got a rock, and I waited until he had me in his viewfinder. 
“Okay!” he called. 
I laid back my arm and I hollered, “Now!”  I threw that son of a bitch as far as I could throw it. 
“I don’t know,” I heard him shout.  “I don’t do motion shots.” 
“Again!”   I screamed, and took up another rock. (Carver 15) 
 
       The narrator’s apparent inability to cope with his problems culminates with this bizarre scene of emotional release.  Carver 
places the narrator in a situation where he cannot come to terms with the reality of his life, and when the situation arises, 
absurdity ensues as he finds himself on his roof, throwing rocks in front a chrome-hook handed stranger, taking his picture. 
 
       Both Slaughterhouse Five and What We Talk About When We Talk About Love, as well as their authors, remain 
cornerstones of late twentieth century American fiction and to study these texts simultaneously not only is imperative for the 
sake of English, but the manner in which people look at late twentieth century life.  Sometimes the best way to examine a 
certain period is by looking at the art that was produced at the same time, and observe how the art reflects the reality of those 
times.  Looking at these two texts, readers recognize the fractured manner in which the characters react to the situations that 
arise around them.  Although the characters exist at different times and locales, readers can recognize qualities that mirror their 
own, and draw a deeper understanding to themselves and the text through the actions of the characters. 
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Abstract   We develop new methods to identify the typical nature of a Dynamical System within a big class of systems. In 
particular, we consider Hyperbolic Surface Diffeomorphisms and introduce the notion of “Generalized Physical Measures” 
for these systems. We then study the existence and uniqueness of these measures. To accomplish, we apply several tools from 
smooth ergodic theory including the thermodynamic formalism. 

1. Introduction 
 
       Recently, there has been a considerable interest in many fields of science and engineering to understand the long-term 
behavior of systems that change under evolution in time. These types of systems arise naturally in Thermodynamics, 
Astronomy, Information Theory, Biology etc.. Dynamical Systems is the area of mathematics that deals with the analytical 
study of the behavior of such systems. The set of points of full measure with respect to an invariant probability measure gives 
the typical nature of a system. In practice, the only observable measures are those for which the set of points, whose orbit 
distribution converges to the measure, has a positive volume. These measures are called Physical Measures in the Literature. 
We consider the class of Hyperbolic Surface Diffeomorphisms and introduce the notion of Generalized Physical Measures. The 
main result of this paper is the proof of the existence and uniqueness of such a measure. We also study other important 
statistical properties of this measure. 
 
2. Description 

 
       Let f be a diffeomorphism on a smooth n-dimensional Riemannian manifold. Let M be the space of f-invariant 
probability measures supported on a compact f-invariant set

2C
Λ . Given µ  in M, we define the basin  of + µB ( ) µ  to be the set 

of points in the manifold whose forward orbit distribution converges to the measure µ . Analogously we define the basin 
 of  for − µB ( ) µ 1−f .  A measure  is called a Physical Measure if µ + µB ( )  has positive Lebesgue measure. Moreover, µ  is 

called an SRB-measure if its corresponding conditional measures on the unstable manifolds are absolutely continuous with 
respect to the Lebesgue measure. The existence of physical and SRB-measures is well understood in the case of uniformly 
hyperbolic systems due to the classical work of Bowen and Ruelle. We say that an ergodic measure  is a generalized physical 
measure if the Hausdorff dimension of its basin is equal to the Hausdorff dimension of the stable set of . This notion was 
studied by Wolf in [1] in the case of certain Henon maps. In this paper we extend the work of Wolf to hyperbolic surface 
diffeomorphisms. We establish the existence and uniqueness of generalized physical and SRB measures for these systems.  

µ
Λ

 
3. Results 

 
       We now present our main results: 

 
Theorem 1. Let f be a hyperbolic surface diffeomorphism and let Λ  be a basic set of f. Then f admits a unique generalized 
physical measure  with the following properties:  +µ

 (i) ; + +µ ∩Λ = ΛH Hdim B ( ) dim
 (ii) . 1+ +

εµ = ∩Λ +u
H Hdim B ( ) dim W ( x )

 
Corollary 2. Let f be a hyperbolic surface diffeomorphism and let Λ  be a basic set of f.  Then 1−f admits a generalized 
physical measure . Moreover, generically we have: −µ + −µ ≠ µ . 
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1. Introduction 
  
       Orthographic fast-mapping (OFM) is the ability to quickly store visual information of a new word after minimal 
exposures.  Individuals store orthographic images (letter patterns) of words or word parts (syllables).  These images help create 
clear mental orthographic images (MOIs) [1] that allow for quick and efficient retrieval of words needed in reading and 
spelling tasks.  Much research regarding the contributions of phonological and morphological knowledge to reading and 
spelling have been conducted, but not as much research has been conducted regarding the contribution of MOIs for reading 
and spelling development [2]. The clarity of these mentally stored images may be affected by ambiguous spellings of words, 
such as syllables that contain unstressed vowels (schwas) or infrequently occurring long vowel spelling patterns ( e.g., ‘oe’ 
representing the long ‘e’ sound in ‘amoeba’) [3].   Apel, Wolter, Apel, and Patyk [4] found that students were less likely to 
recognize misspellings when those errors contained ambiguous spelling patterns (long vowels and schwas). For example, long 
vowels can be represented by single and multiple vowel patterns, such as, the long ‘e’ sound can be written as ‘ e, ee, ea, ie, ei, 
oe, and CeCe.  Unstressed syllables (schwas) are also problematic because vowel sounds can be written with any of the five 
vowel letters and still be pronounced as an unstressed syllable. 
 
2. Experiment, Results, and Discussion 
  
       This study sought to extend the work of Katz and Frost [3] and Apel et al. [4] by examining the effects of frequency and 
ambiguity of spelling patterns on the development of clear MOIs.  An orthographic fast-mapping technique was used to 
investigate the effects of frequent sound to letter patterns (i.e., ea, ai, and short vowels) with less frequently occurring sound to 
letter relationships (i.e., oe, ae, and schwas).  Vowels were chosen as the focus of this study because multiple patterns exist for 
each sound.  Our hypothesis was that fast-mapping would be more effective and would result in more accurate spellings when 
the vowels are represented by frequently occurring long vowel patterns (i.e., ee, ea, CeCe for long ‘e’) rather than infrequently 
occurring long vowel patterns (i.e., oe for long ‘e’) Also, short vowel patterns would be fast-mapped more efficiently than 
schwa vowels because short vowels contain constant spelling patterns (i.e., the short ‘a’ in bat) whereas the schwa can be any 
vowel (i.e. the word ‘accommodation’ contains three schwa syllables, each one written with a different vowel pattern). 
 
       Participants in this study included 30 high school freshmen enrolled in the local public school district. None of the 
students were currently receiving any special education services.  Fourteen females (47%) and 16 males (53%) participated in 
this study.  The diversity of the group closely approximated the surrounding community (i.e., three Hispanic (10%), nine 
African-American (30%), and eighteen European-American (60%) participants). 
 
       The following procedures were conducted over a three week time frame. Two subtests from the Woodcock Reading 
Mastery Test – Revised were administered: the word identification (sight word reading ability) and the word attack (decoding 
novel words).  The Test of Written Spelling – 4, a spelling dictation test, was given to assess current spelling ability.  Finally, 
the design sequences subtest from the Detroit Test of Learning Aptitude–3 was administered to assess participants’ visual 
memory. 
 
       The experimental test consisted of 16 four-syllable novel words.  Each syllable contained one of the following vowel 
patterns: a high frequency long vowel; a low frequency long vowel; a short vowel; and a schwa vowel .  The order of these 
four patterns was counterbalanced so that each type occurred four times in each of the four syllable positions of the novel 
words. A sample novel word is presented below: 
 
 VASOETIZOK  VA - vay  Long vowel, high frequency occurrence  
    SOE      - see  Long vowel, low frequency occurrence    
    TI - tuh  Schwa vowel 
    ZOK - zok  Short vowel 
 

 25



       The descriptive statistics for the experimental novel words are presented in Table 1.  A 1x4 ANOVA compared the OFM 
effects for each vowel type.  A significant effect was found (F3, 87) = 22.02, p < .001) regarding the four vowel types.  
Protected paired sample t-test analysis was conducted post hoc and the results indicated that high frequency long vowels were 
significantly fast-mapped over low frequency long vowels (t(20) = 5.89, p < .001) and short vowels were significantly fast-
mapped over schwas (t(20) = 3.69, p < .01). 
        
       The results indicated a significant mild to moderate correlation between fast-mapping ability and word identification (r = 
.41, p < .05) and visual memory (r = .38, p < .05).  When these correlations were entered into a multiple regression analysis, 
word identification accounted for 17% of the variance. 
    
Table: 1 
Descriptive Statistics For Vowels in Novel Words 
 
         N      Mean        Std Dev  
Long Vowel High       30         11.63          2.59 
Long Vowel Low       30           8.83          3.51 
Short Vowel                    30         12.10   2.40 
Schwa                               30         10.63   2.87 
 
3. Conclusions 
 
       The results of this study indicated that students quickly store orthographic information from novel words after minimal 
exposures.  Their fast-mapping ability is influenced by the frequency of occurrence of letter-sound patterns and also by the 
ambiguity of the vowels in an unstressed syllable.  A mild to moderate significant relationship existed between the 
participants’ fast-mapping ability and their ability to read words and their visual memory for storing MOIs.   
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1. Introduction 
 
       Osteoarthritis is one of the most common types of arthritis which causes breakdown of the joint's tissue, known as 
cartilage. Cartilage is the part of the joint that cushions the ends of bones. This cartilage breakdown causes bones to rub against 
each other, causing pain and loss of movement. Osteoarthritis more commonly affects hands and weight-bearing joints such as 
knees, hips, feet and the back.  

 
       In the late 80s, a joint fluid therapy was introduced, mainly for patients 
suffering from Osteoarthritis which led to various simulation studies [1-3]. The 
fluid is directly injected into the tissue which acts like a lubricant between 
bones. The fluids that are used are based on Hyaluronan which is a pure 
solution of sodium hyaluronate. Hyaluronan is a thick, viscous fluid naturally 
found in the body as a constituent is the connective tissue and sinovial fluid 
found in joints. It is generally injected in empirical quantities, periodically, 
depending upon the condition of the tissue and the patient. This quantity is 
purely empirical and does not take in account various factors such as – patient’s 
weight, condition of the joint and joint absorbing characteristics. [4] 

 

                                   fig. 1:Source- Smith & Nephew Inc. website 
 

       The purpose of this study is to observe the absorption of the fluid by the tissue, using FLUENT. FLUENT, from Fluent, 
Inc., is a comprehensive CFD (computational fluid dynamics) analysis tool. The FLUENT solver can be used to model 
turbulence, combustion, and multiphase applications. Models and meshes are created using the preprocessor GAMBIT. Fluent 
mainly uses the Navier-Stokes and momentum equations and energy equation for combined thermal and fluid equations. 
 
2. Governing Equations 
 
       Fluent uses the Navier-Stokes equation and the momentum equation for fluid flow. When solving porous models, FLUENT 
solves the following equations 
 
Porous Jump: 
 
∆p = - [ (µ/α)v + C2(ρv²/2)] ∆m 
 
where µ is the laminar fluid viscosity, ∆m is the thickness of the medium coefficient, v is the velocity normal to the porous 
face, α is the permeability of the medium and C2 is the pressure jump coefficient.  
 
       For homogeneous porous medium in two dimensions FLUENT solves the following equations  
 
ρu (ðu / ðx) + ρv (ðv / ðy)   = - (ðp / ðx) + µ[ (ð²u / ðx²) + (ð²u / ðy²) ] [5] 
 
3. Discussion 
 
       FLUENT is capable of creating a material which resembles a tissue, using a function known as Porous Jump. Here the 
GAMBIT has been used for creating the mesh which is then exported to FLUENT. Properties of the cartilage and Hyaluronan 
have been given to the solid mesh and the fluid respectively. After giving appropriate boundary conditions to the mesh, the 
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fluid is injected in to it. The assumption is that the fluid is injected from that side of the tissue that is most damaged. For this 
initial study, velocity along the x-axis has been considered. 
 
       The preliminary results are showing fig. 2 and 3. The figure 2 shows pathlines of the velocity magnitude along the x-axis 
decreasing from a value of 2m/s as it flows across the tissue. As can be expected, due to the high density and viscosity of 
sodium hyaluronate, the fluid is absorbed more on the side from which it is injected. The graph is figure 3 shows different 
values of the x-velocity against different positions of the tissue. 
 

 
 
 
 
 
 
 
                   Table 1: Synovial fluid   properties. 

 

Parameters Tissue Fluid Water 
Density 1070 1000 989 

Viscosity - 0.015 0.00103 

                   Fig. 2 Grid Dimensions: 15mm x 5mm. 
 

 
              Fluid velocity as a function of length. 

Fig.3 
4. Conclusion and Recommendations  
 
       From the above graph it is clear that even though outflow boundary conditions were given on all three sides of the sample 
tissue, the velocity of the joint fluid goes to zero when it reaches the end, and hence, absorbed throughout. Further studies will 
help in application of seepage of the fluid through the tissue. Also, this model can be the basis to analyse and optimize the 
number of injections per year for various patients. 
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1.  Introduction 
 
       Phenylketonuria (PKU) is an inborn error in the 
metabolism of the amino acid phenylalanine (Phe) due 
to the deficiency of an enzyme phenylalanine 
hydroxylase (PAH). Current therapy consists of a Phe – 
restricted diet for life to ensure the healthiest 
development. It is particularly important for PKU 
women in the reproductive age group to comply with 
the diet, since elevated maternal blood Phe levels 
during pregnancy are teratogenic to the fetus. 
        
       Because the placental barrier favors influx of Phe 
into the fetal compartment, the fetus is exposed to h Phe 
concentrations approximately twice that in maternal 
blood, resulting in intrauterine growth retardation, 
microcephaly, psychomotor retardation and congenital 
heart defects. This is referred to as Maternal PKU 
Syndrome (MPKU) and was first reported by Dent in 
1957 [1] and Mabry, et al, in 1963 [2]. In MPKU the 
damage caused to the fetus by the PKU mother’s high 
blood Phe levels is irreversible.  
        
       The Maternal PKU Collaborative study, sponsored 
by the National Institute of Child Health and Human 
Development, started in United States in 1984, 
observed that the  reproductive outcomes improved  
when strict control of maternal blood Phe level (2 -6 
mg/dl) was instituted before or at the time of 
conception and maintained throughout pregnancy. This 
can be achieved if the PKU women adhere to a strict 
low Phe diet at least from the time of conception, but 
since such diets are not highly palatable, strict 
adherence to the diet is not typically achieved and the 
desired blood Phe levels are not maintained. Therefore, 
in order to achieve good patient compliance, alternative 
methods of treatment of PKU are being investigated. 
        
       The studies conducted earlier have shown that large 
neutral amino acids (LNAA) share a common 
transporter in the brain and that increasing  other 
LNAAs competitively lowers the  Phe transport into the 
brain. These LNAA transporters are present in the 
placental barrier as well as in the intestines [3]. The aim 
of the present study is to investigate whether LNAA 

supplementation of the diet will reduce maternal and fetal 
blood Phe levels through competitive inhibition with Phe at 
the transporter.   
 
2. Materials and Methods 
 
Materials 
 
       The PKU mouse model BTBR-Pahenu2 was used. All 
animal used experiments described in this paper were 
approved by the Institutional Animal Care and Use 
Committee. These mice simulate human classical PKU, 
including the maternal effect in which progeny gestated in 
mutant females are damaged during prenatal development. 
These animals have a normal menstrual cycle of 4 days and 
gestational period of 19½ days.  
        
       The basal diet was 5001 diet (a standard mouse diet). 
These are in the pellet form and are ground to a powder. The 
LNAA was obtained from Dr. Reuben Matalon’s Lab, 
UTMB, Galveston. The composition of the LNAA mix is 
shown in Table 1. 
 
Table 1: Composition of the LNAA powder 

Amino Acid Amount (mg) 
L -Tyrosine 162.4 
L - Tryptophan 42.46 
L - Methionine 26.64 
L - Isoleucine 24.19 
L - Leucine 108.25 
L - Threonine 26.64 
L - Histidine 25.01 
L - Lysine 25.01 
L - Arginine 25.01 
L - Valine 29.19 

 
Experimental design. 
 
       The homozygous mutant females were paired with 
heterozygous mutant males. On the day of mating, females 
were randomly assigned to control or test groups and blood 
was collected from the tail (1st bleed) of the female under 
aseptic conditions. The control animals were started on 
powdered 5001 diet, about 6 g / mouse / day whereas the 
animals in the test group were started on the LNAA 
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supplemented diet, i.e., 1g LNAA + 5 g powdered 5001 
diet / mouse / day. A second blood sample was 
collected on the 10th day of gestation and a third at the 
time of necropsy that was performed on the pregnant 
female a day prior to the natural termination of 
pregnancy (i.e., 18½ day). 
         
        On the 18½ day of gestation, the female was 
euthanized by CO2 asphyxiation. Fetuses were removed 
quickly and blood collected from the common carotid 
artery using heparinized hematocrit tubes. After 
removing all the fetuses the maternal blood was 
collected from the descending aorta.  
   
 
       The blood collected during the three bleeds was 
saturated onto S&S 903 filter paper and stored in the 
refrigerator at 4oC before Phe analysis. The quantitative 
determination of Phe in the dried blood filter paper was 
done by using a modified fluorometric procedure 
published by McCaman and Robins in 1962 [4]. 
 
3. Results 
 
       The maternal blood Phe levels in the control group 
were higher than in the test group (P < 0.01). The lower 
levels of blood Phe in the fetal test group were also 
significant, the P value was 0.057. 
 
Table: 2 
 LNAA supplemented maternal blood Phe levels          
(Average) 
Control                                          Test (n =7) 
( n = 6)                          Pre LNAA            Post LNAA

 23.4                            24.9                      18.5  

 Fig. 1.Fetal blood levels in the control and the test 
groups.
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Significance 
 
       The results suggest that LNAA effectively 
competes with the Phe transport across the intestinal 
and perhaps also across the placental barrier, thereby 

not only is the maternal blood Phe lowered but the fetus also 
has lower levels of blood Phe. 
 
4.  Conclusion 
 
       According to WHO, “Prevention is better than a cure”. 
This is very true in the case of MPKU, where maintaining 
blood Phe near normal during pregnancy prevents 
congenital birth defects. For this good patient compliance is 
required. But achieving good patient compliance is very 
difficult, because the Phe restricted diet is not only 
unpalatable but expensive. PKU women in the reproductive 
age group are often cognitively limited and emotionally 
distressed, and most often of low socioeconomic status. In 
addition, pregnant women due to numerous hormonal 
changes taking place in their body, have an increased 
craving for a variety of food. All these factors may impede 
compliance with treatment. Therefore there has been a 
continuous effort to find other modalities of treatment for 
PKU, where the patients can consume a normal diet and at 
the same time maintain blood Phe levels under control. The 
results of our experiment show significant decrease in both 
maternal and fetal blood Phe levels in the test group as 
compared to the control group. These encouraging results 
suggest that LNAAs can be used as the conventional 
treatment of MPKU allowing the patients to have a more 
liberal diet. As the brain is the most severely affected organ 
in the MPKU syndrome, we would like to see the effect of 
these large neutral amino acids on brain Phe levels of the 
PKU offspring 
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1. Introduction 
  
       Traditional methods of sex determination in the 
human skeleton include qualitative and quantitative 
analysis of the cranium, pelvis, and long bones.  
Qualitatively, sexual dimorphism is reflected by larger 
size in males than in females.  Quantitatively, previous 
research has shown to varying degrees the effectiveness of 
long bones in determining the sex of an unknown 
individual.  These studies have demonstrated the utility of 
estimating sex from the humerus, radius, and ulna 
individually [1-8].  Rather than examining the individual 
bones of the upper appendix, the present research explores 
the potential efficiency of improving sex estimation using 
the humerus, radius, and ulna by applying a composite of 
distal and proximal elements of the bones comprising the 
elbow.  

             
2. Materials and Methods 
 
       The materials for the present research include 160 
individuals from the Todd skeletal collection housed at the 
Cleveland Museum of Natural History.  The data 
comprises measurements and observations from both right 
and left humerii, ulnae and radii of forty skeletally mature 
adult Black and White males, and forty-one Black and 
forty White females.  Individuals that exhibited pathology 
or other damage were not used.  Only the White sample is 
discussed here.   
 
       The measurement protocol was developed at the 
Wichita State University Biological Anthropology 
Laboratory using the WSU-BAL cadaver collection.  
Ultimately, the protocol comprised thirty-one traditional 
and non-traditional measurements designed or selected by 
the authors to test how well, if at all, any of them measure 
sexual dimorphism. Thus, the majority of measurements 
focused on the quantification of size and shape specific to 
the elbow segment of the distal humerus and the proximal 
ulna and radius.   

 
       All measurements were taken with standard 
equipment including sliding and coordinate calipers, an 
osteometric board, and a fiberglass tape.  Only bones of 
the left side were used in the calibration of the result of the  

 
study presented here.  Multivariate statistical procedures 
(PROC CANDISC [9]) were used to discern any evidence 
of sexual dimorphism in and among the bones of the arm 
and to illustrate the relative contribution of individual 
variables.  Model selection for optimal discrimination, and 
the calibration of correct classification calculated, was 
carried out using a PROC STEPWISE [9] procedure with a 
MAXR option.  A test of the efficiency of the 
discriminating models calibrated for White males and 
females were tested on an independent sample (n=26) of 
White males and females from the WSU-BAL cadaver 
collection.   
 
       Because the models for estimating sex are derived 
from, and thus aimed at, bones of the left arm only, the 
authors decided to test the potential application of the 
same models to bones of the right arm. To examine the 
effect of side asymmetry, all models calibrated for the 
bones of the left side were tested on measurements taken 
on bones of the right arm from all individuals of the 
calibration sample. 

 
3. Results 

 
       A canonical discriminant analysis of our White 
sample demonstrated a pair-wise squared distance of 
approximately 21.24 between sexes.  A significant 
canonical variate with a correlation of 0.84, and a 
corresponding F-value of 8.43 (P<.0001) illustrates the 
contribution of individual variables to the observed pattern 
variation.  Of the thirty-one variables along the canonical 
axis, thirteen exhibited loadings of 0.80 or above.  Based 
on a separate examination of individual variable means, it 
is evident that the observed difference is one of size. 

 
       A PROC STEPWISE procedure applied to our white 
sample produced a best single variable model for sex 
estimation using the radius head circumference. The 
model is associated with an R-square of 0.67, and sex 
estimation that correctly classifies 90% of males and 
92.5% of females for the calibration sample.  The model 
correctly classified 80% of males and 92.86% of females 
in the test sample of bones from the WSU-BAL collection.  
The model classified 92.5% of both males and females in 
the additional test sample of bones of the right side.  The 
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best two-variable model for estimating sex includes the 
radial head circumference and the minimum 
circumference of the humerus.  The two-variable model is 
associated with an R-square of 0.71 and a correct 
classification of 90% of males and 95% of females in the 
calibration sample, 93.33% of males and 100% of females 
in the WSU-BAL test sample, and 95% of both males and 
females in the test sample of bones of the right side.  The 
best three-variable discriminant function model is 
associated with the radius head circumference, the 
minimum circumference of the humerus, and the 
maximum diameter of the radius head.  An R-square of 
0.73 is associated with a correct classification of 
classification 90% of males and 97.5% of females in the 
calibration sample, a correct classification of 93.33% of 
males and 100% of females in the WSU-BAL test sample, 
and 92.5% in both males and females in the test sample of 
the right bones. 
 
4. Discussion and Conclusion 
 
       The current study presents data indicating that 
together, the bones of the arm are highly useful in 
determining the sex of an adult human.  The classification 
results of the discriminant analysis demonstrate an 
improvement of sex estimation when applying one, two, 
and three variable models to the sample of White males 
and females.  For males in the WSU-BAL test sample, 
correct classification improved from 80% with a single 
variable model to 93.33% for both two and three variable 
models.  Likewise for females in the test sample of WSU-
BAL bones, classification results improved from 92.86% 
to 100% when both two and three variable models are 
used.  In the test sample of right bones, the classification 
results of the single variable model classifying 92.5% 
were improved to 95% with the addition of the second 
variable.  Notably, the further improvement in 
classification of sex in both test samples using two and 
three variable models lends support to our initial 
suggestion that a composite of measurements from at least 
two of the bones comprising the elbow, namely the 
humerus and radius, successfully improves sex estimation 
in White males and females generally from 80% to 100%. 
 

       Our test of bones from the right sides has shown that 
these bones classify comparably well as the WSU-BAL 
test sample.  Therefore, the effect of asymmetry in the 
Todd sample is considered minimal.It is evident from the 
present study that the bones of the upper appendage reflect 
sexual dimorphism between human males and females 
when considered either individually or jointly.  Further, 
the combination of the proximal radius and the distal 
humerus offers optimal classification in White males and 
females.  This study raises further questions that may 
better assess the morphometric variation of the upper 

appendage, particularly concerning age and how it reflects 
sexual dimorphism in humans.  Our ongoing research will 
test the effectiveness of using multiple bones of the arm to 
determine sex of unknown Black individuals.  Overall, our 
results offer a consistent and reliable method for the 
purpose of sex determination and it is hoped that this 
procedure will eventually lend itself useful across diverse 
populations and provide a reliable and consistent means of 
identification. 
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1. Introduction 
    
   Cancer is the second leading cause of death in 
American, with lung cancer having the greatest 
occurrence. Last year, more than 175000 cases [1] 
diagnosed in United States. As a result, more effective 
methods of treatment are needed. Cryosurgery or the 
destruction of undesired biologic tissues by freezing 
becomes an important invasive surgical technique. The 
technique use low temperature for treatment of tumor 
was introduced by James Arnott, and English physician, 
for the treatment of an advanced uterine carcinoma in 
1865[2]. Since Arnott’s first report, numerous of 
cryosurgery devices and techniques have been 
suggested.  
 
   The application of minimally invasive cryosurgery 
requires the development of a procedure that minimizes 
the damage to the surrounding tissues during the 
freezing process. These include accurate localization of 
the cryoprobe, precise monitoring of the frozen region, 
and proper freezing time. In this study, the prediction of 
the probe’s optimal application time to effective freeze 
and kill the tumor and prevent excessive damage to the 
surrounding health tissues will be presented by using 
2-D model in Ansys. 

 
2. Mathematical Model 
   
   The conduction heat transfer in tissue can be 
described by Pennes bioheat equation             

mbbbb qTTwcTk
t
Tc +−+∇∇=
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Where T is the tissue temperature, t is the time, k is the 
conductivity, Tb is the blood temperature, wb is the 

blood perfusion rate, qm is the metabolic heat 
generation.  
 
   Assume that no heat generation of the tissues and 
no effect of blood perfusion, the energy equation can be 
used to model tissue temperature as a function of both 
position and time throughout the tumor and healthy 
lung tissues. 
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3. Problem Description and Setup 
 
   Cryosurgery for treating lung cancer will be 
simulated in Ansys. A diameter 1.0mm cryoprobe is 
inserted into 1cm tumor surrounded by the normal 
tissues. Compressed gaseous nitrogen with temperature 

-190℃ flows through the instrument, making the 

probe’s front metal cold enough to freeze and destroy 
the tumor. The tumor is assumed to be completed 
surrounded by a continuous cylinder of healthy tissues. 
The dimensional model is shown in Figure1. The 
thermal characteristics of tumor and normal tissues are 
listed in the Table 1[3]. The initial temperature is set to 

37℃ for both tumor and normal tissues. Temperature is 

destroy tumor tissue is assumed to be -40℃.    

   The goal is to determine the cryoprobe optimal 
application time to effectively destroy tumor in the lung, 
while minimizing the damage to the surrounding 
healthy tissues. 
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4. Results and Discussion 
 
    The simulation was performed at probe 

temperature of -190℃ over an extend period of time up 

to 300 seconds. The results show the change of 
temperature within the lung tissues with increasing the 
probe application time. The temperature history plots of 
nodes located at the tumor, edge between tumor and 
normal tissues, and normal tissues have been obtained. 
The optimal probe application time in this simulation 
shown in figure 2 is determined to be 150 seconds 
where the tumor was totally frozen to desired 
temperature and no significant damage to the 
surrounding health tissues.  
Next step, an analysis was performed by changing the 
density of surrounding tissues. The results were 
observed that the lower density of surrounding tissues 
will result a shorter freezing time within the tumor. 
  
5. Conclusion 
 
    Cryosurgery for treating lung cancer has been 
modeling in Ansys. The results obtained from various 
test conditions. It was determined that the optimal 
cryoprobe application time in this lung tumor model is 
150 seconds. This simulation results in large percentage 
of tumor death, while minimizing the damage to 
surrounding normal tissues. The density of surrounding 
tissues has significant effect of freezing temperature 
transfer inside the tumor. Further design 
recommendations include using multiple cryoprobes 
simultaneously to both decrease application time and 
increase effective tumor cell death while preserving the 
surrounding normal tissues. Furthermore, different 
shape and size of tumor should be considered as well as 
different geometry of cryoprobes.     
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Figure 1. Tumor model with dimensions used in 
analysis and modeling 

 
Figure 2. Temperature Contour after application of 
probe for 150 seconds 
 
Tissue 

Type 

Radius(m) Thermal 

Conductivity(W/mK) 

Density(k

g/m³) 

Tumor 0.01 1.40 200 

Normal 0.02 0.245 960 

 
 

Specific Heat 

(J/kgK) 

Temperature 

3600 T>273K 

15440 251K<T<273K 

2300 T<251K 

 
 
 
 
 
 

  Table 1. Thermal characteristics of tissue 
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1. Introduction 
        
       The active site of the metallozenzyme liver alcohol dehydrogenase (LAD) contains a zinc ion coordinated by histidine and 
cysteine residues and catalyzes the conversion of alcohols to aldehydes.  A complete understanding of the function of this and 
other zinc metalloenzymes requires a detailed picture of the role of geometric and electronic structure in the activity of the 
metal ion.  We are exploring the viability of an approach that uses electrospray ionization to “synthesize” gas-phase zinc 
complexes ions that mimic the coordination structure and composition of the active sites of zinc metalloenzymes and for which 
intrinsic chemistry might be studied using ion trap mass spectrometry.  As we show here, multiple-stage CID of several 
monopositive zinc complex cations causes the conversion of coordinated methanol and methoxide ligands to formaldehyde.  
The formation of formaldehyde is confirmed using extensive isotope labeling. 
 
2. Methods 
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Figure 1: MS2 m/z 196 shows the isolated parent ion [(ZnNO3)(CD3OH)2]+ as well 
as [(ZnNO3)CD3OH]+ at m/z 161.  MS3 shows successive CID fragmentation patterns
of [(ZnNO3)CD3OH]+ at m/z 161 to give [(ZnOH)CD2O)]+ at m/z 113.  MS4 of m/z
113 in the bottom spectrum indicates the loss of deuterated formaldehyde from the 
complex leaving behind ZnOH at m/z 81.
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Figure 1: MS2 m/z 196 shows the isolated parent ion [(ZnNO3)(CD3OH)2]+ as well 
as [(ZnNO3)CD3OH]+ at m/z 161.  MS3 shows successive CID fragmentation patterns
of [(ZnNO3)CD3OH]+ at m/z 161 to give [(ZnOH)CD2O)]+ at m/z 113.  MS4 of m/z
113 in the bottom spectrum indicates the loss of deuterated formaldehyde from the 
complex leaving behind ZnOH at m/z 81.

       Mass spectrometry experiments were conducted on a Finnigan LCQ-Deca electrospray ionization, ion-trap mass 
spectrometer.  Complex ions were generated from spray solutions containing zinc nitrate in deionized water and 3-5% 
methanol.  Isotope labeling studies were conducted using commercially available CD3OH and and CH3

18OH as well as CH3OD 
which was generated in-situ using a spray solution composed of zinc nitrate and methanol in D2O.  The CID parameters were 
the following: He collision gas, activation amplitudes of ~20-30% (of 5V), qz val
 

ues of 0.3-0.35 and activation time of 30 msec.  

. Results 

     Utilization of electrospray ionization generated intense peaks 

3
 
  
corresponding to complex ions with the formulas, [(ZnNO3)(CH3OH)2]+ 
m/z 196 (figure 1), [(ZnOCH3)(CH3OH)3]+ and [(ZnOH)(CH3OH)3]+ from a 
solution consisting of zinc nitrate in H2O with 5% methanol.  For each 
complex, multiple collision induced dissociation stages caused the step-wise 
elimination of methanol ligands to form [(ZnNO3)CH3OH]+ at m/z 161 
(figure 1), [(ZnOCH3)CH3OH]+ and [(ZnOH)CH3OH]+.  Subsequent CID of 
(ZnNO3)CH3OH]+ caused the elimination of 47 mass units.  The neutral loss 
shifted by one mass unit at m/z 113 as seen in figure 1 when CD3OH was 
incorporated into the complex composition, suggesting that the 
compositions of the neutral and ion fragments were HNO2 and 
[(ZnOH)CH2O)]+, respectively.  Subsequent CID of the latter species 
caused the elimination of 30 mass units.  The neutral loss shifted by 2 to 32 
giving a m/z of 81 (figure 1) mass units when either CD3OH or CH3

18OH 
were incorporated into the complex ion, consistent with the formation and 
elimination of formaldehyde, CH2O.  In particular, the elimination of the 
18O label demonstrates the oxidation of the alcohol, rather than a 
mechanism involving the elimination, in part, of the oxygen atom remaining 
from the nitrate ligand.  Following the elimination of formaldehyde, the 
final product ion generated corresponded in mass to [ZnOH]+: the mass to charge ratio of the ion shifted by one mass unit to 
[ZnOD]+ when CH3OD was used to generate the initial complex.  Use of the multiple forms of deuterium labeled methanol 
allowed the synthesis of an overall reaction pathway (figure 2) that involves the transfer of a methyl proton to the nitrate group, 
with subsequent elimination of nitrous acid.  Generation of formaldehyde then continues by transfer of a hydrogen atom from 
the –OH group to the zinc-oxygen cation.  Elimination of formaldehyde was also observed for CID of [(ZnOCH3)(CH3OH)3]+, 
which ended in formation of [(ZnH)CH3OH]+.  The elimination of 30 shifted to 32 for complexes containing CD3OH, and the 
final product ion generated was [ZnD(CD3OH]+.  For [(ZnOH)(CH3OH)3]+, elimination of water competed with the elimination 
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of methanol at low CID stages.  CID of [(ZnOH)CH3OH]+ caused formation of two major final product ions: (a) [(ZnH)H2O]+ 
via the elimination of formaldehyde and (b) [ZnOCH3]+ via the elimination of water.  Computational studies using Gaussian are 
being conducted to test the overall stability of the structures of our proposed mechanism shown in figure 2.  Preliminary data 
indicates stable optimizations of several transition state species while others are stable as just reactants and products.  To the 
best of our knowledge, these experiments are the first demonstration of gas-phase chemistry within a zinc complex that mimics 
the behavior of the LAD active site. 
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. Conclusions 

     Isotope labeling experiments coupled with ESI-MSn provided the data necessary to come to a plausible mechanism for the 
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1. Introduction 
    
       The objective of this paper is to present a model which analyzes the magnetic susceptibility results in a large number of 
conducting polymers. We introduce this model, called the exchange coupled spin pairs model, for the following reasons. First, 
the conducting polymers polyaniline, polypyrrole and their derivatives have not been studied for their structural order, although 
many other studies of these polymers have been completed and reported in the literature [1]. Secondly, the simple interpretation 
of the linear part of the χT vs. T plots in terms of Pauli susceptibility has been recently questioned [2] especially for polyaniline 
and other less conducting polymeric materials because most of the spins are expected to be localized. Kahol and co-workers 
have shown that even the measured susceptibility of undoped polyaniline exhibits a Pauli-like behaviour, in spite of the fact that 
the samples are insulators with a DC conductivity of the order of 10-10 S/cm. [1]  
 
       The exchange coupled spin pairs model provides an indirect connection between the measured magnetic susceptibility and 
the degree of order or disorder in the sample. This connection allows a semi-quantitative study of magnetic susceptibility based 
on spin interactions and structural order in conducting polymers.   

 
2. Model, results, discussion and significance 
 
       An inhomogeneous order-disorder model, according to which ordered regions in a polymer are surrounded by disordered 
regions, is normally used to analyze the magnetic susceptibility results of a number of conducting polymeric systems [3]. The 
magnetic susceptibility is believed here to arise from free spins in the ordered regions (Pauli susceptibility) and localized spins 
in the disordered regions (Curie susceptibility). Because disorder localizes electron spins and the conducting polymer systems 
exhibit significant disorder, we have applied an exchange coupled spin pairs model [4]. The disordered regions in this model 
exhibit intra-pair exchange couplings varying from J1 to J2.  The larger the difference between J1 and J2, the more is the disorder 
in the system. The severely disordered regions exhibit a constant exchange coupling J0.  A small value of J0 corresponds to 
localization and hence severe disorder. On the other hand, a relatively large value of J0 arises due to increased wave function 
overlap, and thus it corresponds to spin pairs in more “ordered” regions.  
The exchange coupled spin pairs model contains N/2 spin pairs with a random distribution of exchange couplings in the range 
of J1 to J2 according to a particular distribution function P(J). The expression for the magnetic susceptibility can then be 
obtained from the following integral [4]: 
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where PMχ  is the magnetic susceptibility for a pair of spins, T is the temperature, N is the total number of spins in the system, 

Bµ  is the Bohr magneton, kB is Boltzmann constant, P(J) is the distribution function, the J couplings vary from a minimum J1 

to a maximum value J2  and g is a dimensionless scalar called g-factor which has a value of approximately 2. Assuming that the 
distribution function P(J) is constant, the above equation becomes:   
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       While this model can provide a reasonable overall fit, it is unable to account for the low temperature behavior. We argue 
that a fraction  of the spin pairs are coupled on the average with a single (small) exchange coupling, JPx 0, while the rest of the 
spin pairs exhibit a constant distribution of exchange couplings in the range J1 to J2. The spin pairs with J0 exchange couplings 
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exist in the severely disordered regions and we will represent their magnetic behavior through the Bleany-Bowers 
equation[2,4]: 
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So, our measured susceptibility will have the following expression:  

 
( ) ( ) ( TxxTT PMPPBB )χχχ ⋅−+⋅= 1                               (4) 

 
       The above expression was subjected to a non-linear regression of the data [5] with a computer program. Using all the above 
equations and the computer program, we found parameters for the 22 different samples (doped and undoped aniline oligomers, 
emeraldine base form of polyaniline and derivatives, polyaniline fibers, polyaniline nanotubes, polypyrrole and derivatives). [5] 
These parameters are the number of spins per mole, fraction of spin pairs coupled with a single exchange coupling, the value 
for J0, the fraction of spins in pairs that exhibit a distribution of interactions, and finally, the values for J1 and J2 . We find that 
the above conducting polymers have a large amount of disorder, around 70-80%. The χT vs. T graphs show that the model 
calculations are almost identical to the experimental data, indicating that the exchange coupled spin pairs model can be applied 
to all the conducting polymers presented here. A representative χT vs. T graph model behavior for polypyrrole doped with 
DBSA is shown in Figure 1. 
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3.  Summary and Conclusions 
 

       The chemical and electrochemical syntheses of polymers lead 
to significant amount of disorder. Experiments show that the order 
or crystallinity in such systems is at the most fifty percent; typically, 
it is of the order of 10-20 percent. Because disorder localizes 
electron spins, we have applied an exchange coupled spin pairs 
model in the framework of the inhomogeneous disorder model. The 
model fits the experimental data well. However, given the 
complexity of spin interactions and the extent of disorder in 
conducting polymer systems, a quantitative study of the magnetic 
susceptibility data is still lacking. 
 

Fig.1. χT vs. T for DBSA doped polypyrrole. 
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1.  Introduction 
 

      Sports videos are usually lengthy and they appeal to 
a vast crowd. Though a sports video is lengthy, most of 
the viewers prefer to watch particular segments of the 
video which are interesting, like a home-run in a 
baseball or goal in soccer. When compared to the total 
length of the video, these segments form only a small 
portion. Hence these videos need to be summarized for 
effective data management and presentation. Detection 
of important events and summarizing a video makes it 
possible to deliver sports video over narrow band 
networks, such as internet. 
 
2.  Overall Approach 
 
       Our approach is based on the observations, that a 
highlight has a certain pattern of transition between 
different shots. 
  
       We identified four types of shots, they are, 1) pitch 
view, 2) close-up view, 3) audience view and 4) 
medium view. For instance, a boundary can be 
composed of pitch view followed by a medium view 
which is followed by audience view and a close-up 
view. A shot is classified into any of the above shots by 
the features it has. These features include the amount of 
color, texture, motion and number of edges. In our 
approach a Hidden Markov Model (HMM) is designed 
to model the highlight. Every shot and its transition to 
the next shot are compared with the model. The shots 
that have same transition pattern as that of the HMM 
are extracted to form the highlight. 
 
Extraction of features for classification of shots 
 
       A video is a combination of different “scenes”. A 
“scene”, in turn is a combination of “shots”. And a 
“shot” is continuous recording from a single camera. A 
shot by itself does not make any sense. But when 
different shots are combined together, by “editing”, 
they make sense. Features like color, texture and 
motion, which are very significant and can be computed 
efficiently and reliably in an image are extracted in 
order to identify the view. The video of interest is first 
divided into shots. This division is done by using the 

MPEG-7 color histogram. All the frames in a shot have 
same kind of distribution of features. The frames in a single 
shot which have slight variations in color are called the key 
frames of the shot, and the number of key frames in a shot 
can be one or two or three, depending on the number of 
frames and variations in the shot. In order to reduce 
computation time, all computations are done on the key 
frames. For motion computation, other frames of the shot 
are used as motion cannot be calculated using two or three 
frames. 
 
       The main features that we are focusing on are, 1) grass 
color, 2) pitch color, 3) texture, 4) motion and 5) number of 
edges.  A view can be classified into any one of the four 
views: 
 
Pitch view 
       In a pitch view, the amount of pitch color (sand color) 
present is more. Although other features like grass color is 
also present, but in small amount when compared to pitch 
color. 
 
Medium view 
       In a medium view, the amount of grass present is more. 
Grass color is dominant with respect to pitch color. 
 
Close-up view 
       In a close-up view, the amount of motion is less, as a 
close-up shot is used to show player. 
 
Audience view 
       In this view audience are shown. Audience view usually 
has many edges; an edge here means significant change in 
the color, and a specific type of texture. So, these features 
can be used to classify this view. 
 
Color value extraction: 
       For color value, MPEG-7's Dominant Color Descriptor 
(DCD) in RGB color space is used. 
 
Texture value extraction: 
       For texture computation, MPEG-7's Homogeneous 
Texture Descriptor (HTD) is used. 
Motion value extraction: 
       Motion is calculated between the frames in a shot by 
finding the MSE between two blocks located at same 
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position in the frames. The variance of these MSE 
values is computed and depending on the variance 
value, intensity of motion can be known. 
 
Edge value extraction: 
       Number of edges in an image is found out using the 
“Canny" edge detection method. 
The feature values are calculated for all the key frames 
in a shot and average of all these values is computed. 
Depending on these values of features we can estimate 
which shot it is. In order to apply these values to HMM, 
we need to know the following. 
 
Elements and three problems of HMM  
• N, Number of states. Each view is considered to be 

a state. Therefore there are four states. 
• M, Number of distinct observation symbols per 

state. Features that we extract are the observations. 
For each state we have five observations. 

• , State transition matrix. Each element 
of the matrix gives the probability of transition 
from one state to another. 

}{ jaiA =

• , Observation symbol probability. 
Which gives the probability of being in state j and 
observing symbol k. 

)}({ kbB j=

• }{ iπ=∏ , Initial state probability. Which gives 
the probability of  a state being the first state. 

 
In compact form the HMM model is represented as 

],,[ πλ BA= . 
Problem 1: Given observation sequence O and 
modelλ , how to compute ]|[ λOP , i.e. probability 
that the observed sequence is produced by the model.  
Problem 2: Given modelλ  and observation sequence 
O, how to choose the best state sequence Q. 
Problem 3: How can we adjust the model parameters, 

],,[ πλ BA= in order to maximize ]|[ λOP . 
In automatic extraction of highlights, the views are not 
known, but we know the observations which are the 
features that we compute. We need to identify the type 
of view from the features. Let , i = 1, ..., 4, be any 
one of the four views of interest. , k=1, …, 5, be 
the observations from each view. We need to find the 
probability of a view given the observations, which can 
be given as . This can be calculated using 
the Bayesian rule 
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We have to find the best state sequence which follows 
the state transition pattern as our own model. These 
states can be extracted from the video to form the 
highlights. In order to find the best state sequence that 

follows the state transition pattern as our model, we use the 
Viterbi Algorithm. For this we define a variable called 
forward variable )(itα , t = 1, …, N & i = 1, …, 4, 
where N is the number of shots. α  values in the first time 
instance are computed as  

ii Vit ∗=πα )(                                                       (2) 
where t=1 and number of states i = 1, ..., 4, π  values are 
estimated by observations.  is the probability of a view, 
computed using (1). Iteratively 

iV
α  values from time 

instance 2 are calculated as 
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          (3) 

where n = 2, ..., N and number of states i = 1, ..., 4, V  is 
the probability of a view and ai are the state transition 
probabilities. Equation (3) gives how a state i can be 
reached at time t+1 from all the 4 possible states at time t. 
In order to find the best state sequence, we need to find the 
maximum 

i

j

α  value at each time instance. 
 
3.  Conclusions 
      
       Automatic video summaries are very useful and 
important tools. Highlights are useful for various purposes 
like, to see exciting events of a game, also highlights can be 
used for developing strategy against a team or improving a 
teams performance. Since the highlights are small in size, 
they can be made available to a vast crowd via internet and 
also they occupy less storage space. 
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Figure 1. HMM model for highlights 
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1. Introduction 
 
       One of the most exciting new means of human-computer interaction (HCI) is virtual reality (VR). VR technologies create a 
sense of “presence” for the user by immersing them into a multi-sensory experience that can provide visual, auditory, haptic, 
and tactile feedback to the user.  Virtual interfaces allow users to move about and interact with virtual objects from a first 
person perspective which is potentially more engaging than methods afforded by a traditional desktop computer.  
 
       One promising application of VR is simulation-based training.  VR allows the ability to simulate real world environments 
which holds promise for training a variety of tasks.  In 1995, the American National Research Council published a report 
regarding the state of VR research and made recommendations for its future development (Durlach & Mavor 1995). The review 
suggested that Virtual Environments (VEs) have the potential to broaden the application of simulator-based training and 
provide advantages that are not present in real-world simulators.  For example VEs can enhance training by augmenting the 
training scenario with information not available in a real-world simulator.  Darken & Sibert (1996b) used VR to manipulate 
environmental variables (i.e., furniture, paintings, etc.) to identify cues used for wayfinding strategies.  Their study highlighted 
one of the key advantages that VEs provide in the ability to alter an environment quickly and easily. Others have demonstrated 
VR’s ability to augment training environments by investigating the effects of transparent and opaque walls on spatial learning 
(Piller & Sebrechts, 2003). Durlach and Mavor (1995) also suggest that VR training is advantageous because of the ability to 
replicate real-world environments that are too dangerous or expensive to replicate in the real world (i.e., training firefighters to 
navigate burning buildings or doctors to perform surgical procedures).  Unfortunately, results from studies investigating the 
effectiveness of virtual training simulators provide mixed results, which create an unclear picture for the application and use of 
VR as a training tool. There are several explanations for the mixed results but a review of the literature suggests that the variety 
of technologies used in VR may not be appropriate for certain training tasks. The term “Virtual Reality” is used throughout the 
literature to describe a wide array of display devices, input devices, and software applications. VR display devices can vary 
from ordinary desktop monitors to fully immersive stereoscopic head-mounted displays (HMDs). Input devices can include the 
typical PC mouse, or direct object manipulation devices (i.e., cybergloves and pinchgloves). These devices are mixed and 
matched throughout the literature; however, each of these devices allows interaction with the VE which affords unique 
properties that may or may not create an appropriate training environment.   
 
       It seems that different devices are more appropriate for training different tasks; however, it has not yet been determined 
what devices are best to train a complex manual assembly task.  For example, studies involving the training of decision making 
have found success with desktop VEs (Huble et al., 2002; Pleban et al., 2002) while successful training of motor skills have 
been shown to require fully immersive environments with stereoscopic HMDs (Rose, 2000).  The VR technologies required to 
train a complex assembly task have not been identified.  Such a task involves learning procedural steps, specific motor 
movements, and understanding spatial relationships between parts.  Some researchers have explored these concepts individually 
but few have attempted a complex task that requires all three.   
 
2. Method 
 
       Subjects:  Forty-eight college students participated in the study.  Because of limitations to the HMD, participants assigned 
to the immersed VE were required to have a minimum of 60/20 uncorrected vision or have 20/20 corrected vision with contact 
lenses. Each participant was asked to sign an informed consent and confidentiality agreement prior to data collection.   
       Training Environments.  The VEs for this study were created at the Virtual Reality Center at the National Institute for 
Aviation Research at Wichita State University.  The parts and working environment were generated using an SGI Onyx300 
equipped with two graphical outputs (IR4 pipes), 8 CPUs and a 8GB Digital Audio graphics card.  Motion tracking of the head 
and hand movements was accomplished using an Ascension Flock of Birds magnetic motion tracking system with 3 sensors 
(one on each hand and one on the head).Participants assigned to the HMD training environment used an nVisorSX HMD with 
1280 x 1024 resolution, 60 degrees of diagonal viewing angle, and a constant screen refresh rate of 30Hz per eye.  Object 
manipulation was accomplished using Fakespace’s pinch gloves equipped with electromagnetic motion transmitters.  The VE 
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allowed the participant to select, manipulate and assemble a virtual model of Lego™.  Step by step assembly instructions 
provided with the Lego™ model were displayed on a digital billboard located within the VE.  Participants could advance or 
review the instructions using prescribed hand gestures. The PC-Based VE (PC) training group viewed the environment on a 
standard desktop monitor.  Participants used a keyboard and three-button mouse to interact with the software.  The VE was 
displayed on a 21” screen at 1280x1024 resolution.   

Testing Procedure.  Testing occurred after four training sessions each of which required the participant to correctly 
assemble the forklift one time.  All participants performed two tests: a transfer of training test and a transfer of learning test.  
Transfer of training refers to performing the same task learned in the VE in the real world task.  Transfer of learning refers to 
the application of skills learned in the training task to a new task performed in the real world.  The transfer of training test 
required participants assemble a Lego™ model forklift consisting of 72 parts.  Instructions for building the forklift consisted of 
35 total steps including 5 subtasks.  The transfer of learning test required the participants to build a Lego™ racecar.   The 
racecar model consisted of the same parts as the forklift assembled in a different order and configuration.  Both tests required 
participants to correctly assemble the model as quickly as possible.   

For the tests, individual parts were laid out on a desk in a predetermined arrangement which was same as that used in the 
virtual environments.  The instructions for assembling the model were placed in front of the participant at the beginning of the 
task but the participant was allowed to move the instructions to a location he or she preferred.  The area directly in front of the 
participant was left clear of any parts to allow enough workspace to assemble the model.  
 
3. Results 

 
In addition to quantifying transfer and learning it is also necessary to determine the efficiency of the training environment.  

There are two paradigms for measuring transfer.  The first is to train all treatment groups to a desired criterion measuring the 
number of trials necessary to achieve that criterion.  The alternative method is to hold the training trials constant and measure 
the difference in performance after training.  When the number of training trials is held constant it may be possible for trainees 
from different training treatments to achieve equal levels of performance but the amount of time required to achieve equivalent 
levels may vary.  Thus it becomes necessary to determine the efficiency of each training environment as a function of training 
time.   

Results showed a significant effect for Transfer of Training F (2, 30) = 18.07, p < .001, partial η2 = .546, 1-β = .960. Post-
hoc analysis (t-tests) revealed significant differences between improvement of the virtual training groups and the control group.  
Interestingly, there were no significant differences in Transfer of Learning between training environments.     

Results also showed a significant effect for Training Efficiency training F (3, 30) = 44.83, p <.001, partial η2 = .782, 1-β = 
.997.  Post-hoc analysis showed the virtual training groups were significantly less efficient than the real-world training group.  
Results were similar for Learning Efficiency, F (3, 30) = 44.83, p <.001, partial η2 =  .782, 1-β = .997.  Post-hoc analysis again 
showed significantly less efficient than the real-world training group. 
 
4. Conclusion 

 
Results from this study show that VEs can be effective training simulators although they are less efficient than real-world 

training.  The results suggest that virtual training is not appropriate for all training scenarios given its lack of efficiency, but 
rather should be reserved for safety critical tasks that may be too expensive or too dangerous to simulate with other devices. 

The lack of efficiency demonstrated by the virtual environments is directly related to the longer training trials required by 
participants in the virtual training environments.  The increase in training time is most likely due to the additional cognitive 
load of having to learn to navigate and manipulate the VE.  This additional learning task increased cognitive load of the learner 
which increased training time and delayed improvement.  This finding suggests that the peripheral devices used to control and 
display virtual environments have a direct affect on the trainee’s ability to learn.  As such, instructors must be aware of the 
physical requirements of the task to be trained and consider the appropriate peripheral devices.   
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1.  Introduction 
 
       The National Airspace System (NAS) is a nation-
wide system that caters to the airspace requirements of the 
country. The NAS includes about 18,000 airports across 
the nation. Figure 1 illustrates the constituents of the 
infrastructure currently employed by airplane 
manufacturers and/or operators to ensure seamless 
connectivity with the airplane from the ground. As shown 
in Figure 1, the airplane communicates with the ground 
networks via a plethora of communication channels that 
range from AM channels to satellite links.  

 
Figure 1. A typical networked airplane and its connectivity with the end-

stations on the ground (ref: Helios Information Systems) 

       The presence of an IP network between the aircraft 
and ground stations presents many possibilities in terms 
of new services being offered to passengers within the 
airplane, advanced avionics that would enable ground-
staff to control the performance of an airplane, and 
enhanced security features that would allow the download 
of appropriate data, voice and video streams in real-time 
to the ground station. The Cockpit Voice Recorder (CVR) 
and Digital Flight Data Recorder (DFDR) are the 
traditional blackboxes used in general and commercial 
aviation aircrafts. These are used to record vital audio and 
aircraft parameters. Substantial time and monetary 
expense are incurred after an aircraft accident to retrieve 
the black boxes and sometimes the recorders are found 
damaged and unreadable which further inflates aircraft 
accident investigation time and expenditure. The CVR 
typically records voice conversations within the cockpit 
on 2 (or 4) different channels for a duration of 30 minutes. 
The DFDR records the aircraft’s vital parameters over the 
entire duration of a flight. The CVR overwrites 
information such that only the last 30 minutes of voice 
gets recorded.  

       This paper investigates the issues involved in 
recording cockpit voice and flight data in a digital format 
on the ground station as supplements to the CVR and 
DFDR. In addition to the voice and data, video transfer is 
also considered. 
 
2. Mobile IP & Air/Ground Network 
 
       Normal routing mechanisms will fail for an airplane 
that is mobile since the Internet Protocol version 4 (IPv4) 
address that is used to identify the network interface 
cannot indicate the physical location of the airplane. 
Mobile IP [1] solves this problem by enabling mobile 
nodes (or airplanes) to move about the Internet but remain 
addressable via their home network. The mobile host 
becomes reachable at a fixed IP address (also referred to 
as the mobile node’s home address) irrespective of its 
current point of attachment. This address is registered to a 
dedicated entity called a Home Agent (HA) on the home 
network (the network to which the home address belongs 
to). When the mobile node moves away from its home 
network into a foreign network, a tunnel is created 
between the Home Agent and a Foreign Agent (FA) (a 
Home Agent like entity on the foreign network) in order 
to forward packets from the Home Agent to the mobile 
node. In this manner, IP connectivity between the mobile 
airplane and the ground station is maintained.  
       Due to the need to provide seamless connectivity 
between the airplanes and the ground stations, the 
Air/Ground network typically employ satellite networks. 
A satellite link overcomes issues related to cabling, 
geographical distances and available bandwidth by 
providing telecommunication facilities that are mostly 
independent of location.  
 
3. Simulation & Analysis 
 
       In order to evaluate the transfer of cockpit voice, 
video and flight data to the ground station, the test-bed 
shown in Figure 2 was emulated in the Advanced 
Networking Research Center (ANRC) at WSU. In order 
to evaluate the practical deployment of Mobile IP within 
the framework of a typical airplane, a variety of real-time 
and best-effort traffic was introduced into the network. 
Real-time traffic, in terms of voice calls, was introduced 
using CallGen, a voice call generator, while best-effort 
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traffic was introduced through PaGent, a packet 
generation tool. CallGen and PaGent are Cisco Systems 
proprietary tools for voice and data packet generation. 
CallGen was used to generate voice calls on 4 channels, 
in accordance with the fact that a CVR records voice on 2 
or 4 channels. Three different voice codecs, namely, 
G.711, G.726 and G.729 were chosen. Routers running 
Pagent were used to generate data traffic from both the 
Control and Passenger Networks.  

 
Figure 2. Aviation network test-bed setup 

       The CN data traffic was generated at the rate of 8.8 
Kbps, while the PN data traffic was generated at a rate of 
1.06 Mbps. The combined generation rates were selected 
randomly such that the total traffic generation exceeded 
1.544 Mbps, which is the bandwidth of the satellite link. 
A Video Capture application to capture the incoming 
video stream at the client end was developed. The 
application, based on the popular Windows Media 
Encoder was written in Visual Basic. Each set of 
simulations were run with varying voice codec and video 
bandwidth. The analysis of results from some of these 
simulations is presented next.  

       Simulations showed that packet drop percentages 
linger around the 2% mark indicating that these packet 
drops occur mostly at the Satellite link between the 
Mobile Network (Aircraft) and the Foreign Network 
(ground station), which was configured to drop 2% of all 
traffic passing through it. This 2 % drop was found to be 
consistent while using G.726 and G.711 codecs.  

       An important factor to be considered in the presence 
of real-time traffic is the associated end-to-end delay. 
This delay can be attributed to coding delay, propagation 
delay, queuing delay and the network delay. If a real-time 
traffic packet delay exceeds 150 ms, it is considered to be 
of no use since any delay over 150 ms would be 
noticeable during the course of a conversation (for 
example, voice conversation), and hence that packet 
would have to be discarded. This factor adds to the 
number of packet drops since the Satellite link is also 
configured to delay packets passing through it. Through 

simulations, it was determined that the aircraft parameters 
could be stored at ground stations in a digital format.  
 
4. Conclusion & Future work 
 
       Based on the results obtained, it can be said that the 
transfer of real-time voice, real-time video and data 
simultaneously is feasible. However, further 
investigations need to be carried out in areas pertaining to 
quality estimation. A scenario requiring multitudes of 
airplanes transmitting voice, video and data to a ground 
station would require a more comprehensive and scalable 
solution than the ones that have been considered so far. 
Another important aspect that will be looked into is the 
integration of Internet Protocol version 6 (IPv6) into the 
network to keep up with the changes to the Internet in the 
future.  
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1. Introduction 
  
       The application of psychology to literature is not new:  Freudian analysis, Jung, and Jacque Lacan are well-known 
examples.  The approach offers different insights to the study of literature and offers unique points of view.  However, during 
my first year of graduate work, I took a different approach.  I integrated my undergraduate degree in Psychology using the 
DSM-IV to analyze the major characters of William Shakespeare’s Hamlet.  The Diagnostic and Statistical Manual of Mental 
Disorders - Fourth Edition (DSM-IV), published by the American Psychiatric Association, Washington D.C., 1994, is the 
primary diagnostic reference of Mental Health professionals in the United States of America. With this different approach, I 
assessed the major character’s actions, dialogue, and reactions to suppose a preliminary, tentative clinical opinion of a mental 
illness possibly suffered by the major characters.     
 
       I focused on Hamlet and moved on to other characters in the play.  With each character, I provided textual citations from 
both the play and the DSM-IV to support my claims in order to develop a closer comprehension of them.  This exercise helped 
develop a better understanding of Shakespeare’s characters—their histories, motivations and possible pathologies—by using 
this approach.  To others, it could provide insight into how the characters interact in the play, and possibly how readers may 
perceive them with a different point of view. 
 
       This employment of psychoanalysis and the DSM-IV may be applied to many other works.  The DSM-IV can be used as an 
updated tool in literary analysis to aid the reader’s understanding motives, reasons, rationales, causes, effects, etc. of the 
primary characters in works and expand the interdisciplinary application of social science and literature.  In order to develop 
people’s characteristics in literature, the DSM-IV could also be applied in order to assess possible pathologies. This process may 
also be reversed:  to augment the study of psychology, one may look to literature to study examples outside of a series of 
clinical case files. 
 
2.  Discussion 
 
       Psychoanalysis focuses on different aspects—motives, reasons, rationales (founded or unfounded, real or unreal) of thought 
and behavior.  It serves as a guide for understanding a person and coming to some basis for explanation.  The focus on etiology, 
associated disorders, criteria and  symptoms offers some insight that readers and writers could incorporate into an 
understanding of what makes people behave in particular (and unparticular) ways.  This appreciation for “how” and “why,” 
supplemented by details and documentation, could be a key to clarifying a character in creative writing. It also may offer 
insight on development of the character, history, inter-relationships, action, reaction and interaction, mood, affect, purpose, 
intent, experiences, histories, and many other facets. 
    
       In 1966, Psychopathology and Literature examined some literary works and categorized them into separate types:  
Neuroses (ex:  dissociative reactions in Shirley Jackson’s “The Bird’s Nest), Psychoses (ex:  schizophrenic reactions in 
Charlotte Perkins Gilman’s “The Yellow Wallpaper” and Samuel Beckett’s “Waiting for Godot”), Personality Disorders (ex:  
schizoid personality in Willa Cather’s Paul’s Case”), and Brain Disorders (ex: senility in Jonathan Swift’s “Gulliver’s Travels).  
In the study of psychology, this method of studying fictional works could provide more detailed information in its 
characterizations. 
 
       An updated approach would be to identify characteristics in literature and develop possible suppositions regarding the 
character’s, history, inter-relationships, action, reaction and interaction, mood, affect, purpose, intent, experiences, histories, 
and many other facets with the use of the DSM-IV.  The Multiaxial Assessment may be applied:  Axis I—Clinical Disorders and 
Other Conditions That May Be a Focus of Clinical Attention; Axis II—Personality Disorders and Mental Retardation; Axis III—
General Medical Conditions; Axis IV—Psychosocial and Environmental Problems; and Axis V:  Global Assessment of 
Functioning.  These classifications could offer some insight for readers and writers and students of psychology. 
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3.  Evidence 
 
       The following is an excerpt from a paper I wrote for my first graduate Shakespeare course.  I had just finished my 
Bachelor’s degree in Psychology, and the direct application seemed very natural. John Charles Bucknill, in his assessment of 
the character Hamlet, writes “All critical study of Hamlet must be psychological…” but dismisses his behavior as simply 
“human nature” (48).  Irving I. Edgar writes that Hamlet is merely antagonized by King Claudius (302).  Edgar further states 
that Shakespeare simply set the stage, so to speak, with this conflict between the two as a literary construct:  protagonist and 
antagonist. 
 
       While applying to the DSM-IV, one could suppose that Hamlet suffers Bereavement, characterized by symptoms similar to 
Major Depression—feelings of sadness, insomnia, poor appetite, and weight loss.  Polonius, after assessing Hamlet, says,  
 
  And he, repulsed—a short tale to make— 
  Fell into a sadness, then into a fast [poor appetite], 
  Thence to a watch [insomnia], thence into a weakness, 
  Thence into a lightness [weight loss], and, by this declension, 
  Into the madness wherein he now raves.  (2.2.146-50). 
 
       Polonius believes that Hamlet’s condition is due to the seemingly unrequited love from Ophelia.  Also, in Hamlet’s 
soliloquies, we see that he expresses the following in accordance with the differential diagnosis of 296.2x, Major Depression.  
These symptoms, as classified directly from the DSM-IV,  include 1) guilt about things other than actions taken or not taken by 
the survivor at the time of the death [being in Wittenberg]; 2) thoughts of death other than the survivor feeling that he or she 
would be better off dead or should have died with the deceased person [Hamlet considers suicide; he is profoundly disturbed at 
the sight of Yorick’s scull and ruminates]; 3) morbid preoccupation with worthlessness [“O that this too too sullied flesh would 
melt, Thaw and resolve itself into a dew” (1.2.129-30)]; 4) [does not apply]; 5) prolonged and marked functional impairment 
[his relationship with Gertrude and Ophelia]; and 6) hallucinatory experiences other than thinking that  he or she hears the voice 
of, or transiently sees the image of, the deceased person [Hamlet has conversations with his dead father, and not thinks, but 
believes the ghost of his father spoke with him (1.4&5).  These symptoms along with the evidence shown clearly mark Hamlet 
as a young man suffering from Bereavement, a clinical diagnosis found in section code V62.82 of the DSM-IV. 
 
4. Conclusion 
 
       The DSM-IV presents a cautionary statement to be considered:  not to use it without proper training, experience or 
understanding.  I would not suggest careless “labeling” or unfounded classifications.  But in studying literature, psychology, or 
creative writing, with no real people at stake, this application may be insightful.  This method of investigation may be used as a 
way to form some idea of what may be occurring within, without, around, above, to, because of, etc with one’s creative writing.  
The manual provides “clear descriptions of diagnostic categories in order to…diagnose, communicate about, [and] study people 
with various mental disorders.”  These descriptions may be used to fine tune a character in a story, to develop understanding of 
themes and behaviors in literature, to research individuals outside of psychological case studies, and provide information that 
can be applied to creative writing. 
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1. Introduction 
 
       The research is part of an FAA-Raytheon Aircraft 
sponsored project for the development of a Neural based 
Adaptive Flight Control System. The Adaptive Control 
System uses Neural Networks for an immediate 
adaptation to modeling errors or failures. This results in 
the controller using parameters that no longer model the 
actual aircraft. Online Parameter Identification improves 
adaptation as the modeling error is reduced. It also 
provides a long-term secondary tool for adaptation, apart 
from neural networks that provide primary immediate 
adaptation. Unlike other Statistical Parameter Estimation 
techniques, this technique uses simple equations to update 
the parameters, which then are used in the controller.   
 
2. Description of Parameter Estimation Technique.  
 
2.1)  Neural Based Adaptive Flight Control System. 
 
       Unlike most of the modern control systems, an 
Inverse Controller is used to calculate elevator and 
throttle (for longitudinal control) from given Linear and 
Angular accelerations required to maintain commanded 
Airspeed and Flight Path Angle. As shown in the figure-1, 
a simple feedback PID controller is used to track the 
command Airspeed and Flight Path Angle. Another 
feedback loop through an Artificial Neural Network is 
added, which provides adaptation to modeling errors by 
increasing or decreasing the inputs to the Inverse 
Controller, when required.  [1] 
        
       The Neural Network looks at the error between the 
commanded input and the actual response of the Aircraft, 
and outputs an error compensation signal which is added 
in the respective input to the Inverse Controller. The 
Neural Network is capable of adapting to the dynamics of 
the Aircraft and adding an immediate adaptation to 
correct for modeling error, which can be caused due to 
change in center of gravity, change in weight, change in 
elevator response etc.  
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Figure 1. Modified Neural Based Adaptive Flight Controller 
 
Figure 1 shows the simulation setup for the system. 
Lighter blocks represent the standard Neural based 
Adaptive flight controller, and the darker blocks shows 
the addition of the Parameter Estimation technique. 
    
2.2) Description of parameter estimation technique: 
   
       A Linear Aircraft Model is added. It uses an inverse 
of the equations used in inverse controller [1], and the 
same parameters as used in the inverse controller. The 
outputs of this block are the linear and angular 
accelerations, given by the equations below. 
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In the estimator block, calculated  and ModelV& Modelγ&& values 

are compared with and ActualV& Actualγ&& that we get from 
actual aircraft. So the errors are defined as: 
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       At a given flight condition, if the parameters used in 
the Inverse Controller and Aircraft Model are the same as 
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that of the Actual Aircraft, the values of V and  
will be zero. But the presence of nonzero error indicates 
incorrect parameters in the Aircraft Model and the 
magnitude is directly proportional to the error in the 
aerodynamic parameters.  

error& errorγ&&

The Parameter estimation block uses gradient descent to 
update the parameters as follows. The linear Aircraft 
equations (forV and& γ&& ) are differentiated w.r.t. each 
parameter, multiplied by the respective errors and added 
to the parameter value at previous time step. 
The equation to update is: αMC
  

( ) errorMCKtMCtMC γαγαα &&&& ..)()( ∂∂+−= 1  

 
where K is a learning rate. Similar update equations are 
defined for each parameter. Notice there are only two 
equations (for V and & γ&& ), which we use to update the 
parameters. But the number of parameters to be updated is 
certainly more than two, this leads to a problem of more 
unknowns than equation to solve. Changing the flight 
condition can generate additional equations. A certain 
flight maneuver is repeated periodically and each 
parameter is updated at a specific part of the maneuver. 
The maneuver used is a half sinusoidal variation in the 
commanded airspeed varying from 130 to 142 knots.  
 
2.3) Results: 
 
       As the estimated parameters are updated in the 
inverse controller the neural network correction by 
definition goes to zero. This shows that the new 
parameters are certainly a close match of those in the 
actual aircraft. To test the algorithm, in each case one 
parameter was deliberately changed in the actual aircraft 
after 100 sec, and at the same time all the parameters in 
the controller were allowed to adjust. Four sets of plots 
were generated for four parameters; the first plot shows 
the adaptation of w.r.t. time followed by the plot of 
Neural Network error change due to adaptation. The 
other six plots show adaptation of , Weight, and 
their corresponding Neural Network errors. 
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3. Conclusion 
 
       The Results demonstrate the ability of the parameter 
estimation technique to improve overall adaptation of the 
control system. Though the technique is slow as 
compared to most of the other online parameter 
estimation techniques but it is desired as the Neural 
Network does fast adaptation followed by slow long-term 
adaptation by this method. Certainly the technique is 
computationally very simple and needs less processing 
power than other techniques. More work is desired to 
improve the convergence speed of parameters and 
increase the number of parameters estimated at same 
time. 
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1. Introduction  
 
       Separate studies have shown that circuit weight 
training exercises enhance body composition components, 
VO2peak, bone density, and/or muscular strength and 
endurance. However, little research has evaluated the 
effects of circuit weight training on all components 
through a single study. 
 
       This study addressed the above understudied area. 
Additionally, the study evaluated the potential of 
beneficial fitness results in a minimal amount of time. 
Today’s society is consumed with efficient time 
management. Providing an exercise routine that delivers 
such results encourages non-active individuals to 
implement such an exercise program. 
 
2. Experiment, Results, Discussion, and Significance 
 
Experiment 
 
       Healthy, non-active women (n=24), age 18-35 years, 
participated in the 8-week study. The volunteers signed an 
informed consent approved by the Wichita State 
University IRB prior to participating. Prior to acceptance 
in the study, participants completed the Physical Activity 
Readiness Questionnaire (PAR-Q) [1] to identify health 
risk factors that would preclude exercise participation.  
 
       The Circuit Weight Training Group (CTG) (n=12), 
exercised 3d a week for 20min/d. CTG completed a 5min 
warm-up followed by a 10 station circuit weight training 
routine and concluded with a 5min cool-down. The 
Control Group (CG) (n=12) remained inactive throughout 
the 8-wk study. They were asked to maintain the activity 
level they entered into the study. Participants completed a 
3d dietary log during wk 1 and 8 and were asked to 
maintain their baseline dietary habits throughout the 

study. All participants were assessed before and after the 
8wk period using the following tests. 
 
       Body composition assessment was completed using a 
DEXA Hologic QDR 4500 Elite. Bone mineral content 
(BMC), bone mineral density (BMD), lean body mass 
(LBM), fat mass (FM), and percent body fat (%Fat) were 
assessed. Height and weight were also measured.  
 
       The assessment of VO2peak was conducted using a 
Quinton Q Treadmill, PhysioDyne metabolic cart with 
Max II oxygen analyzer, carbon dioxide analyzer and 
Max II software. The Thoden Treadmill Protocol was 
used for testing [2]. 
 
       A 5-10 repetition submaximal strength test using 
chest press and leg extension equipment (Badger) was 
used to establish one-repetition maximum muscular 
strength (1RM). An equation developed by Byers [3] was 
used to estimate 1RM. The testing weight was set at 60-
80% of the estimated 1RM. The test ended when the 
participant was unable to complete 5-10 repetitions at the 
next weight load. The weight and repetitions from the last 
successful lift were then used to estimate 1RM [4]. 
 
       Muscular endurance was assessed using 67% of 1RM 
for chest press and leg extension. Using the estimated 
1RM weight calculated from the 5-10 repetition 
submaximal strength test, the estimated result was 
calculated by the 67% to establish muscular endurance 
[5]. 
 
Results 
 
       One-way ANOVA revealed no differences in 
baseline measures for age, height, weight, BMD, BMC, 
LBM, FM, %Fat, VO2peak, muscular strength, and 
endurance (p < 0.05) between the two groups. 

A 2x2 (Group X Time) repeated measures ANOVA 
revealed differences (p < 0.05) between baseline data and 
post testing in BMC,  LBM, FM, %Fat, VO2peak, muscle 
strength and endurance (Table 1). No differences (p > 
0.05) between baseline and post testing were detected for 
height, weight, or BMC.  

 
 
 
 

 
 
     Table: 1 

     Pretest vs. Posttest Variables (Mean + SD)              
                                                        
                   Pretest                  Posttest              % Change   

     Height (cm)       
     CTG      165.8+6.1      166.1+6.1       0.2% 
     CN       167.9+6.6      167.9+6.1               0% 
     Weight (kg)       
  CTG     74.5+15.9 74.3+15.7 -0.3% 
  CN           79.8+21.4                80.5+20.8 0.8% 
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BMD (g/cm2)          
  CTG         1.1+0.1 1.2+0.1 1.8%* 
  CN            1.1+0.1 1.1+0.1       -0.9% 
BMC (kg)                       
  CTG          2.2+0.3   2.3+0.3                    1.1% 
  CN            2.3+0.2                    2.3+0.3 -0.1% 
LBM (kg)                     
  CTG         42.8+6.2     43.3+6.4     1.2%* 
  CN          47.4+10.5  46.8+10.0    -1.4% 
FM (kg)                         
  CTG        27.9+10.9          27.2+10.3             -2.4%** 
  CN          28.2+10.8             29.4+11.5            4.2% 
BF (%)            
  CTG        37.1+7.5 36.5+7.1 -1.9%** 
  CN          35.1+6.4 36.3+7.4 3.4% 
VO2oeaj  (ml/kg/min-1) 
  CTG       33.6+6.7 32.6+4.1 -2.9%* 
  CN         38.2+9.3 30.4+7.2 -20.5% 
ME-U (lb)                    
  CTG       46.2+7.3 56.9+7.3 23.3%** 
  CN        48.2+10.9 49.0+10.2 1.7% 
ME-L (lb)                    
  CTG     71.2+15.2 86.0+12.5 20.8%** 
  CN       69.4+21.7 71.5+21.9 3.0% 
MS-U (lb)                  
  CTG     69.1+11.1 84.7+11.1 22.7%** 
  CN       72.1+16.2  73.0+15.3 1.25% 
MS-L (lb)                   
  CTG     104.4+23.1 128.3+18.6 22.9%** 
  CN        103.4+32.5 106.6+32.7 3.1%       
* p < 0.05, ** p < 0.01 
 

Discussion 

Significant improvements in VO2peak, body 
composition, bone density and muscular strength and 
endurance due to circuit weight training are in 
agreement previous studies [6-8]. The results of the 
current study provide useful information for 
implementing an effective circuit weight training 
program for non-active females. 
 
3.  Conclusion 

       The results of this study suggest that circuit 
weight training that includes a set routine with gradual 

weight load increases and limited resting time between 
exercises can improve BMD, LBM, FM, %Fat, 
VO2peak, as well as in muscle strength and endurance 
for the upper and lower body. These improvements 
may encourage other non-active females to implement 
a time efficient circuit weight training program into 
their lifestyle. 
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1. Introduction 
 
       During the Virgilian Stage of the Pennsylvanian Period, approximately 300 million years ago, the area that is now Kansas 
was located 5-7 degrees north of the equator.  The climate was expected to be generally warm, moist, and tropical (Heckel, 
1979, 1995; Joeckel, 1994). After completing a summer of measuring sections in southeastern Kansas and northeastern 
Oklahoma, we identified ancient soils associated with seasonal precipitation and arid conditions (Mack, 1993, 1994; Retallack, 
2001). The initial field interpretations do not warrant the classification of wet equatorial soils like the Appalachian coal 
measures.   A closer study of the soil profiles was required to find if the variation was due to local controls or if the accepted 
paleoreconstruction was incorrect.  
 
2. Results  
 
       The paleosol (i.e. ancient soil) profile of this study is exposed on a 200-m wide road cut about 15 miles east of Eureka 
along Highway 54 in Greenwood County, Kansas.  The ancient soils formed on sandstones and mudstones of the Oread 
Cyclothem. Lateral variability is indicated by changes of type, thickness, and number of stacked paleosols from levee to 
floodplain areas of an ancient river system. Siltstone-rich levee deposits dominate at the western and eastern parts of the 
outcrop, and floodplain mudstone in the middle. Protosol, Calcisol, and Vertisol were interpreted (Retallack, 1997, 2001; Mack, 
2001). Protosols have poorly developed soil horizons, relict laminations, and limited bioturbation.  Calcisols contain a well-
developed Bk horizon rich in discrete and amalgamated, equant to elongate calcitic nodules. Vertisols have m to cm-scale 
oblique slickensides, some of which are lined with nodular to tabular pedogenic calcite. Commonly, three to four paleosols 
stack upward from thin (50 cm) immature Protosol to thick (80-200 cm) mature Calcisol or Vertisol, suggesting increasing 
exposure time following episodic floodplain deposition. A Gleysol containing iron oxide nodules and pyrite overlies the 
Calcisol or Vertisol. The formation of Gleysol suggests a raised water table, which may be caused by a climatic change from 
semi-arid to subhumid conditions, or shoreline approaching the locality due to a rising sea level. In either case, the upper 
boundary of the uppermost mature Calcisol or Vertisol represents a stratigraphic turning point of climatic change and/or 
shoreline transgression (Yang, 1996). Variations in paleosol type, thickness, and stacking indicate alternate periods of fast and 
slow sedimentation controlled partially by topography and climate. 

 
3. Significance 
 
       Sedimentary rocks commonly exhibit repetitive patterns in the geologic record, suggesting that sedimentation has been 
cyclic and the controlling factors, such as climatic, sedimentary, and tectonic processes, have also been cyclic. Thus, an 
understanding of these controlling factors provides insights into the mechanisms of cyclic sedimentation. Soils are abundant in 
the geologic record and they document important climatic information because the conditions of their formation are ultimately 
affected by climate. Therefore, the type and thickness of a soil horizon can give some insight into the duration and climate 
conditions that occurred while the soil was forming.  
 
 
4. Conclusions  
 
       At this location, there is high variability in paleosol profiles on a meter to centimeter scale.  Variances in bedrock lithology, 
regional and local climate, duration of exposure, local topography, water table fluctuations, rates of sedimentation, unit 
cohesion, climate, and intensity of bioturbation can effect soil formation (Retallack, 1997, 2001; Mack, 2001). Protosols 
thicken toward both ends of the outcrop and thin toward the middle while Calcisols and Vertisols are thicker in the middle and 
thin to the ends.  This is likely due to local topography and location of stream channels.  The number of stacked paleosols 
increases toward the center, where the duration of exposure was longer, further away from the channel(s). The occurrence of 
gleyed or waterlogged soils increase up section as a result of transgression within the Oread Cyclothem. 
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       Further research on the lateral variations of the soil horizons will show climatic changes across southeast Kansas and 
northeast Oklahoma. The change of climatic conditions through time will be used to better understand the processes and 
mechanisms of cycle formation, and can be used as analogs to predict future climatic changes.  However, the high variability 
within a soil profile as demonstrated in this study can complicate climate interpretation. The question of regional climate 
requires further study to clarify paleoreconstruction or paleosol classifications of soils formed in southeastern Kansas and 
northeastern Oklahoma 300 million years ago. 
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1. Introduction 
 
       Consumer-run Mutual Support Organizations (MSOs) are independent, free standing entities controlled organizationally, 
administratively, and programmatically by people with mental illness.  These organizations are similar to support groups such 
as Schizophrenics Anonymous in that they are based in a self-help/mutual-aid philosophy but differ in that they are typically 
incorporated nonprofits that can receive grants and often have paid staff governed by a board of directors.  These organizations 
maintain a drop-in center with activities that foster mutual-support and provide leadership opportunities for members.  
 
       This study analyzes the impact of MSO organizational size on organizational functioning and the individual participation 
experience.  Guiding analysis is behavior setting theory, which has previously been applied to understand the impact of school 
size on student outcomes (Barker, 1968).  The results have policy implications for the funding of MSOs. Behavior setting 
theory provides insight into the dynamic interaction between organizational size and the effectiveness of MSOs.  The theory 
states that underpopulated behavioral settings have more roles than members, providing opportunities for all members to 
develop new skills and become deeply involved (Barker, 1968; Schoggen, 1989).  Underpopulated MSOs are appealing because 
previous research has linked meaningful involvement in MSOs to positive individual outcomes (Segal & Silverman, 2002).  
Overpopulated settings have more members than roles to fill, resulting in the most capable members filling roles while others 
are excluded (Barker, 1968).  This competition improves the quality of the leadership base, which previous research has linked 
to MSO effectiveness (Kaufmann, Ward-Colasante, & Farmer, 1993).  As a result, overpopulated MSOs appear attractive with 
respect to organizational productivity while underpopulated MSOs appear attractive with respect to individual participation 
benefits. 
 
       This study empirically tests the conflicting interests behavior setting theory predicts and explores strategies MSOs use to 
promote organizational productivity while encouraging contribution from everyone. 
 
2. Method, Results, and Discussion 
 
       To test the above hypothesis, this study analyzes the organizational characteristics of 20 consumer-run mutual support 
organizations in Kansas.  Organizational data was collected from two sources: quarterly reports and a survey administered to 
organizational leaders to supplement the quarterly reports.  Quarterly reports from the Oct/Nov/Dec quarter of 2003 provided 
information on organizational budget size and the total number of members who attend the MSO.  The survey of MSO leaders 
about organizational activities gathered data on the number of members contributing to organizational planning and 
management.  
 
       In their simplest form, findings from this study indicate congruence with the under and overpopulated behavior setting 
hypotheses.  Just as the underpopulated/overpopulated hypothesis would predict, smaller organizations have a larger percentage 
of their members involved in operating the organization than do larger organizations.  As the number of members in a MSO 
increases, the percentage of members contributing to organizational planning and management decreases (r = -.65, p < .01).  
The advantages of operating an underpopulated MSO are clear – all members involved in the organizations will be encouraged 
to aid in its operation rather than simply be the recipient of services.  Underpopulated MSOs are particularly advantageous 
because they encourage those people who would otherwise naturally fall into the service recipient role to take on the role of 
service provider.  In this sense, underpopulated MSOs are likely to be the most beneficial to those people who are most in need 
of it.  If a setting becomes too underpopulated however, leaders will experience burnout and the organization may collapse. 
     
       While small MSOs struggle to prevent burnout amongst leaders, large MSOs struggle to prevent exclusivity amongst 
leaders.  Overpopulated MSOs not only recruit the most competent leaders but benefit from having more leaders overall.  
Although the size of the organization has a major influence on the percentage of members involved in operating the 
organization, there remains a strong correlation between membership size and the number of people involved in organizational 
planning and management (r = .74, p < .01).  Behavior setting theory does predict this correlation, stating that the number of 
roles in a behavior setting increases along with the number of people available to operate the setting, only at a slower rate.  This 

 53



correlation is important because previous research by Brown (2004) has associated leadership size with organizational 
productivity.  Additionally, research by Kaufmann, Ward-Colasante, & Farmer (1993) found that a large leadership base is 
critical to successful organizational functioning.  Based on these studies, it appears that overpopulated MSOs are more likely to 
be successful in the long term because these organizations have more leaders.   
 
       Although the number of people who get involved in operating a MSO does have its upper limits, there are several strategies 
that large organizations can use to get more people involved, including emphasizing shared leadership, increasing the quality of 
current activities, and pursuing new organizational activities.  The better an organization can share leadership responsibilities, 
the better it can achieve the benefits of both under and overpopulated settings.  If larger organizations continue making efforts 
to get more members involved in operating the organization then the organization can continue to grow.  If larger organizations 
continue to expand beyond their fundamental drop-in center operations then the behavior setting can continue to involve more 
people.  By staying open longer hours, making more public presentations, organizing more social activities, and taking on new 
challenges the number of people who need to become involved can increase considerably. 
 
       Despite the advantages on an underpopulated setting, funding agencies tend to prefer the funding of larger organizations 
with overpopulated settings.  There is a correlation of r = .812 (p < .01) between the amount of money granted to an MSO by 
the state and the number of people attending the MSO.  One explanation for the relationship between grant size and 
membership size has to do with the advantages of having an overpopulated behavioral setting.  These organizations attract more 
members, provide a larger number of people with leadership roles, and are more productive as organizations.  Although the 
case for larger organizations with overpopulated settings is a compelling one, the benefits of an underpopulated setting cannot 
be ignored and funding agencies need to consider these advantages when making funding decisions.  
 
3. Conclusions 
 
       Behavior setting theory calls into question the frequent assumption that larger organizations are advantageous.  Smaller 
organizations may not be run as effectively but those people who do participate are encouraged to become more involved in 
operating the organization.  Bigger organizations may be managed more effectively because they have more competent leaders 
but new members who join do not have as many opportunities to take on leadership roles.  If it is organizational empowerment 
that facilitates personal empowerment, as hypothesized by Segal & Silverman (2002), then underpopulated settings may be 
more effective in facilitating the recovery of people less inclined to become involved in organizational operations.   
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1. Introduction 

       Voice over IP is one of the fastest growing internet 
based application in today’s networking world. As more 
and more enterprises are moving towards IP based voice 
network, the security has become an important issue. The 
voice traffic is exposed to the similar kind of threats as the 
normal data traffic. However with voice traffic, the issues 
are more complicated than the normal data traffic. While it 
is important to protect the voice packets from spoofing and 
eves dropping, it is equally important that the law 
enforcement agencies have access to these voice packets. 
With the recent terrorist attacks and increased threat to 
national security, the law enforcement agencies are 
requesting permission to tap every voice call and screen 
them for information pertaining to national security. With 
the deployment of security mechanisms like encryption, it 
will become harder for the law enforcement agencies to 
decipher the information hidden in these IP packets related 
to voice calls. Hence it is important that, the security 
mechanism used in these voice calls need to be 
standardized. This would provide the law enforcement 
agencies an easier access to the information during crisis 
situations. In this paper, the authors propose a new security 
mechanism that will help the law enforcement agencies in 
gathering information pertaining to national safety.  

2. CALEA Complaint Voice over IP Security System: 

       The proposed CALEA compliant Voice over IP 
security system is a modified version of the current 
security system being used for voice communication over 
the internet. In its current form, before establishing a voice 
session, the voice gateways exchange encryption keys 
being used for the session. The source gateway (gateway at 
the caller’s side) sends a message to the destination voice 
gateway requesting an encryption key. The message will 
also contain the key being used by the source gateway. In 
response, the destination gateway will generate its own key 
for the session and includes it in the reply message to the 
source gateway. The key exchange mechanism is 
explained in Figure 1. All future communication originated 
by the sender gateway to the destination gateway will be 
encrypted using the sender’s key while all the 
communication originated at the destination gateway to the 
source gateway will be encrypted using the destination 
gateway’s encryption key.  

 
Figure 1: Traditional key exchange mechanism in VoIP 

communication 

 
       While the above system works well as far as 
protecting the integrity and confidentiality of the voice 
conversation is concerned, it is not a good solution as far 
as law enforcement/national safety is concerned. With the 
encryption enabled, it is extremely difficult to gather 
information from the encrypted datagrams in real-time. 
This issue becomes even more important in the case of 
voice communication, as, most of the times delayed 
information might not help in preventing the possible 
security/safety threats.   
 
       The proposed security system considers involving the 
service provider gateways in the key exchange process. 
This requires the introduction of two new message 
formats and an additional field in the IP datagram. The 
proposed protocol operation is as follows: 
1. The source and destination gateway exchange the     
    encryption key’s for the voice session. 
2.  Once the key exchange process is complete, both voice 

gateways send a message (key_update) to their 
corresponding service provider gateway. The 
key_update message contains information related to the 
encryption keys being used by both the source and 
destination voice gateways. 

3.  The service provider gateway accepts the key_update 
message, and updates its session_key table with the 
new information. Then it forms a session_ID for the 
communication between the two voice gateways. This 
session_ID will be included in the reply 
(key_update_reply) from the service provider gateway 
to the source/destination gateway.  

4. All future communication between the source and            
destination gateway will be encrypted using the respective 
keys. At the same time, all the IP datagrams originated 
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from either gateway will contain the session_ID 
information in the optional IP header part of the IP 
datagram.  

Figure 2 describes the working of the proposed security 
mechanism.  

 
Figure 2: Working of the proposed security mechanism 

 
       One of the major challenges for the proposed security 
system is the identification of the voice packets. Once 
encrypted, every IP datagram look similar for the 
intermediate nodes (including the service provider 
gateways). Hence, the authors propose either of the two 
approaches described below to address the packet 
identification issue. 

1. Source based approach: In this approach, the 
authors propose that every service provider gateway build 
a database with information about the voice gateways in 
their domain. This will help them in identifying the voice 
communication. All the IP datagrams originated from the 
voice gateways can be considered as datagrams pertaining 
to voice communication. If any IP datagram originated 
from the voice gateway is encrypted and does not contain a 
valid session_ID, the service provider gateway can drop 
the packet forcing the voice gateway to reestablish the 
communication and including the service provider gateway 
in the loop. 

2. Global encryption approach: In this approach, the 
authors suggest that every node using encryption needs to 
inform the service provider gateway about the key being 
used for communication and obtain a session_ID for the 
communication. This would help the law enforcement 
agencies in gathering all kinds of information in a timely 
manner. However, one of the major concerns with this 
approach is its scalability. This approach requires the 
service provider gateway to keep track of all the 
communication sessions that are going through it and are 
encrypted. This requires higher memory and CPU power at 
the service provider gateways. However, looking at the 
advantages in terms of national safety, the cost could be 
overlooked.   

As compared to the traditional security mechanism, the 
proposed mechanism has higher overhead in terms of 
additional message formats and additional information in 
every IP datagram. However, the proposed system 
reduces the time involved in decrypting the information 
hidden in the communication during unusual 
circumstances.  
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1. Introduction 
 
       The Information Technology revolution, combined 
with people’s need to access information quickly, has 
resulted in the explosive growth of the Internet in the past 
decade. The need for internet has grown to such an extent 
that, internet is now available in airplanes. With the 
existing internet protocol, it is hard to support user 
mobility as the IP address is location dependent. The 
modified version of IP i.e. Mobile IP that was designed to 
support user mobility does not provide quality of service 
(QoS) and security for the user data. It was observed that 
when the mobile node moves from one foreign domain to 
the other, the delay involved in registering its new 
location and new identity with the home domain heavily 
affects the QoS. In addition to that, traditionally internet 
provides only best effort data delivery. The best effort 
cannot serve the bandwidth requirements of real time 
applications.  

To achieve continued growth of mobile users and 
provide advanced services, it is important that a scalable 
QoS provisioning method be adopted. We propose a fast 
handoff method using wireless sensors as the location-
tracking device. Networks of such sensors perform 
movement detection of mobile nodes in a particular 
direction and inform the mobility agent to which the 
mobile node is attached. The mobility agents predict the 
new point of attachment and inform the corresponding 
mobility agent about the requirements of the mobile node. 
This reduces the handoff time and improves the 
performance of the mobile nodes. 
 
2. Reducing Handoff Time and Providin QOS using       
    Wireless Sensors 
 
       Consider the network shown below, FA1 and FA2 
are foreign agents, MN is the mobile node, HA is the 
MN’s home agent, CoN1 and CoN2 are the control nodes 
respectively. The procedure for the proposed method is as 
follows: 

 
Figure 1: Sample mobility scenario 

    When MN moves from HA to FA1: 
1. Wireless sensor network WSN1 detects the 

movement of MN and informs HA, CoN1 and FA1 
about this movement. 

2. HA immediately multicasts the information regarding 
the MN including the authentication information to a 
multicast group in which all the Control Nodes are 
members 

3. FA1 sends a request to the control nodes for the 
information regarding the MN and the control nodes 
send the required information to the FA1. The 
Control Nodes also ask the FA1 to join a multicast 
group in which the HA is already a member. 

4. MN sends a registration request to FA1 and FA1 
authenticates it. 

5. FA1 then sends a message to HA saying that MN is 
now in its territory. 

   
    When MN moves from FA1 to FA2: 

1. Wireless sensor network WSN2 detects the 
movement of MN and informs FA1, CoN2 and FA2 
about this movement. 

2. The FA2 sends a request to the control nodes for the 
information regarding the MN and the control nodes 
sends it to the FA2. The Control Nodes also ask the 
FA2 to join a multicast group in which HA is already 
a member. 

3. MN sends a registration request to FA2 and FA2 
authenticates it. 

4. FA2 then sends a message to HA saying that MN is 
now in its territory. 

5. When HA permits FA2 to join the multicast group it 
relieves FA1 from that group. 
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3. Protocol Analysis 
 
       In this section we analyze the proposed handoff 
method based on an analytical model. Handoff time may 
be defined as the time difference between receiving the 
last packet from the oFA and the first packet from the 
nFA, assuming that the MN has an active traffic session 
during the handoff. MN detects that it has moved away 
from a mobility agent when the lifetime of that agent’s 
advertisement has expired and it has not received any new 
advertisements from it. Taking the worst case into 
consideration, assume that just before the MN receives 
the last packet from the oFA, it also received an agent 
advertisement with the lifetime set to TLifetime seconds. 
Let T1 be the time when it received the last packet.  

Fig
ure 2: Proposed handoff mechanism 

In the proposed method, wireless sensors perform 
movement detection. These wireless sensors can be 
installed in such a way that the L3 handoff process 
completes before L2 handoff takes place. We assume that 
wireless cells do not overlap always. Wireless sensors 
take a certain non-zero time to detect the movement of 
mobile devices. This time includes the time for sensing 
the mobility and passing the information to the 
corresponding data gathering nodes. Let this detection 
time be X.  We introduce a new component called control 
nodes. These Control Nodes (CoN) are placed between 
the FA and the HA and between FA’s.We assume the 
distance between the FA and the CoN and the distance 
between the HA and the CoN to be equal.  
                T1WS-FA = T1WS-HA = T1WS-CoN 

 
       The wireless sensors then inform the HA, CoN and 
the FA about the node movement. The HA immediately 
sends all the information required for the MN registration 
and QoS provisioning to the CoN (T1HA-CoN). The FA by 
this time would have sent a request to the CoN (T1FA-CoN). 

CoN then sends the information it obtained from the HA 
to the FA (T1CoN-FA). During this interval, the MN 
receives the information about the FA through its home 
agent. Then MN sends a registration request to FA and 
FA sends a registration reply to the MN. As soon as the 
MN receives the reply, it will try to force an L2 handoff. 
Since the MN is receiving packets during L3 handoff 
from oFA, total handoff latency during which packets are 
lost using wireless sensors is 

T (WS)Handoff  =  L2 delay. 
 
       We now discuss an optimum distance at which these 
wireless sensors should be installed. The wireless sensors 
should start detection so that by the time L2 handoff 
occurs, MN should have received the registration reply 
forwarded by the nFA. Time taken for detection and L3 
handoff is  
T Detection = X + T1WS-HA +T1HA-CoN + T1FA-CoN + T1CoN-FA +   

T1(MN-FA)  +  T1(FA-MN)
Assume a car moving at u m/s. The distance D at which 

the wireless sensors should be installed is 
D= T Detection *u meters 

 
       The time TDetection in the above equation should be 
assumed slightly greater than the actual value to account 
for jitter, queuing delay and processing delay. Then it is 
assured that the registration reply will reach the MN 
before it moves to nFA. To determine packet loss during 
handoff, let us assume the source sends packets to the 
MN every Y seconds. Hence for the proposed method 
packet loss will be  

Packet loss = T WS Handoff /Y 
 
       While in traditional Mobile IP it is the time taken for 
the handoff which is THandoff (sum of movement detection 
delay, registration delay and L2 handoff delay). The 
handoff time for the wireless sensors is the L2 delay 
which is much lesser compared to the traditional Mobile 
IP handoff time.  
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       Personal narratives of any period occupy a unique place within the canon Literature, particularly when the subject merits 
examination from a variety of positions.  Differing from traditional historical accounts, the narrative form depicts events so that 
one may witness history’s development directly through the experiences of eyewitnesses.  The slave narrative, as a literary and 
historical document, maintains significant importance because it initially departed from the traditional narrative in structure, 
purpose, context and authorship.  In the experiences described in Incidents in the Life of a Slave Girl, readers are given alternate 
representations of public policies and societal norms present during the nineteenth-century, and the effect of these policies on 
female slaves.   Harriet Jacobs’ Narrative Incidents in the Life of a Slave Girl depicts the existence of a female slave vividly, 
displaying the psychological and social ramifications of the system itself and their place within it.    
 
       In its execution as a social, legal and economic system, slavery in the American South, and the laws governing its practice, 
created two societal levels of distinction, those who were dominate and those who were oppressed, through Jacobs’ narrative 
allows readers to examine these systems with a greater level of scrutiny.  While primarily an economic and social system, 
Southern slavery could not have flourished without legal authority.  Slaves were legally defined as real property and were 
treated as such.  Masters held complete authority over their slaves and slaves had little, if any, protection from their abuses.  
Asserted by the Supreme Court in State v. Mann, Analyses of this decision, and national and state legal systems present in the 
antebellum south, reveal the intricacies of the master/slave relationship.  
 
       At the age of fifteen, when first introduced Samuel Treadwell Sawyer( a United States Senator and father of each of Jacobs' 
children), Harriet Jacobs’ perceptions of love and relationships between men and women, both black and white, had been 
severely tainted. At this time in the southern United States slaves marriages existed in title only, for no laws permitted 
matrimony among the enslaved; in fact, it was quite common to see husbands, wives and entire families separated at the whim 
of a slaveholder. In addition, licentious relationships between female slaves and their owners were commonplace and, if a child 
was produced from this relationship, the law strictly prohibited captive mothers from revealing the identity of their children's 
progeny no matter if their father was freedman or slave. From the prospective of Jacobs, the contradictory and sometimes 
confusing nature of legal codes in slave states created a breeding ground for sexual predators and, because female slaves were 
viewed as property rather than human beings, the law was averse to protecting them from assaults and molestations: 
But he was my master.  I was compelled to live under the same roof with him–where I saw a man forty years my senior daily 
violating the most sacred of commandments of nature.  He told me I was his property; that I was subject to his will in all things.  
My soul revolted against the mean tyranny.  But where could I turn for protection?  No matter if the slave girl be as black as 
ebony or as fair as her mistress.  In either case, there is no shadow of the law to protect her from insult, from violence, or even 
death; all these are inflicted by friends who bear the shape of men.  The mistress, who ought to protect the victim, has no other 
feeling toward her but jealousy and rage. 
 
       Having witnessed “several women sold, with his babies at their breast,” Jacobs was well aware of the social restrictions 
placed on female slaves and the punishments exerted when these restrictions were violated.  When the emotional strain of living 
in such an environment is also taken into consideration (being aware that on any given day, at any given moment, without 
provocation or consent, a man could take advantage of your most sacred of possessions without fear of reprisal) one can 
understand Jacobs’ constant state of dread while living in the Flint home. 
 
       Rape can be defined as a forced sexual encounter in which at least one party’s participation is involuntary, and rape as a 
crime is often attributed to a single criminal; however, in the case of, Harriet Jacobs the crime can be attributed to an entire 
societal structure.  Instead of physical force her assailant used the laws and customs of an oppressive institution to abuse her, 
and like most in captivity she was given no choice but to submit.  In response to the almost daily verbal and emotional abuse at 
the hands of Doctor Norcom, Harriet–at the age of fifteen–experiences the symphony of emotions (depression, melancholy, 
hopelessness and despair) often experienced by victims of this crime.  By learning how such laws, which seek to oppression 
segments of a society, are formulated  humanity may decipher how to prevent their reoccurrence in the contemporary world.  
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Similar to examining the pre-war Germany’s legal system and the horrors of the Holocaust by examining the Diary of Ann 
Frank, analyzing Jacobs’ narrative and provides vivid images of the contradictions of antebellum law and public policy. 
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1.  Introduction  

 
       This paper uses narrative analyses to examine samples of advertisements from 1939 and 1947 to see how women’s roles 
were portrayed and if these portrayals changed. Differences were expected because women’s roles in society changed 
dramatically during World War II. 
 
       A lesson in each advertisement told women readers what they could do with their lives to achieve a happy ending. A 
significant change in the messages within the advertisements was found. Specifically, nearly a fifth of the advertisements in 
1947 mentioned that women worked outside the home. None of the advertisements in 1939 did this. The messages in the 
remaining ads in both 1939 and 1947 told women that they should be a wife, caregiver, and homemaker. 
 
       The war and advertisements influenced women to take jobs that were previously not available to them. Although some 
women returned home, large numbers of women continued to work after the war (U.S. Bureau of the Census, 1960). These 
women had three dimensional lives, just as the women shown in nearly a fifth of the 1947 advertisements. They were wives, 
mothers, homemakers, and they had a job outside the home.  

 
2.  Literature Review, Research Methods, and Results 

 
       Following America’s abrupt entry into World War II with the bombing of Pearl Harbor, the home front became a place 
where women were expected to transform their lives almost overnight. Before Pearl Harbor, women were expected to stay 
home to tend to the needs of their husband, home, and children. With the war, social norms governing women’s occupational 
endeavors changed. House arrest was over for the millions of “Rosies” who were ushered into the workplace to help out with 
war production (Anderson, 1981; Blum, 1976; Campbell, 1984; Hartmann, 1982; Honey, 1984; Rupp, 1978; Weiner, 1985). 
 
       As documented by historians such as Neville and Lewis among others, this major shift in societal expectations concerning 
women and work is evident in the mass media of the period (Honey, 1984; Neville and Lewis,; Rupp, 1978; Thompson, 1989). 
In poster campaigns, newspapers and magazine articles and advertisements, as well as radio and movie messages, women were 
invited to do their part by going to work. In response to this patriotic call to action, the number of women in the work force 
increased by 55 percent from 1940 to 1945.  
 
       What happened after the war? Large numbers of women quit work. However, many women who left home for the factory 
or office continued to work outside the home after the war, and it is easy to imagine that they might find the suggestion 
irritating, that at war’s end they leave their jobs just as quickly as they entered them a few years previously.  
The magazine advertising industry was an active agent in the glorification of “Rosie’s” image during the war. Did mass media 
messages aimed at women continue to reflect the more complex occupational roles they assumed during the war, or did they 
revert to their pre-war framing of women as homemakers?  
 
       According to Hannah Arendt, “Storytelling reveals meaning without committing the error of defining it” (Arendt, as quoted 
in web site). Following this line of thinking, I suggest that, through storytelling, print advertisements not only tell their targets 
what to purchase, but secondarily, they give them broader lessons in life. The well-known “Ring Around the Collar” 
commercial serves as an example. Its primary lesson tells women to buy the kind of detergent promoted in the ad, but 
secondarily, the ad also tells women to keep their husbands’ shirts collars clean if they want to be socially acceptable wives. In 
essence, the lessons in these stories socially construct women’s lives by telling them what to do, as well as what not to do. It 
was thought that the narrative lessons embodied in post-war Life magazine ads were directed to women who work outside the 
home. This could represent a shift in the way society viewed women’s roles. 
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       Magazines continued to incorporate women workers into their ads after the war’s end. Research for this paper addressed 
the following questions: What narrative lessons concerning women’s occupational roles were published in Life magazine 
advertisements in 1939 and 1947? How did the narrative lessons identified in 1947 Life magazine advertisements compare to 
those published in 1939? Finally, did these lessons reflect the occupational role shift of women from home to workplace that 
transpired during World War II and if so, how? 
 
       These dates were selected to allow for a pre- and post- war comparison. Advertisements from Life magazine were studied 
because Life was a widely read popular magazine. In 1947, Life had 2,029,761 paid subscribers and a total audience of 
17,300,000. This circulation and readership compared favorably with other widely read contemporary magazines such as 
Collier’s, Liberty, and the Saturday Evening Post (Four Ladies, 1947; Magazine lineage, 1943). 
 
       A stratified sampling method was used to insure that one advertisement was included from each issue of Life during 1939 
and 1947. Hence, 52 separate advertisements were analyzed for each year. Specifically, the first advertisement was examined in 
each issue of Life magazine for 1939 and 1947 that met the following criteria: First, an advertisement had to be targeted to 
women. Second, an advertisement had to contain a narrative. Third, full and half-page advertisements were used because most 
smaller advertisements did not contain explicit narratives. 
 
       The coding scheme used in the analyses of the ads’ lessons for women were adapted from Clarkson (2003), Lawler (2002), 
and McQuarrie and Mick (1999). Typically, narratives contain a storyboard or a sequence of events. They often contain a 
problem or a point of dramatic tension that captures the reader’s attention. This is followed by actions to solve the problem that 
result in a positive outcome, which is the lesson of the story (Cortazzi, 1993, p. 85). A storyboard or series of panels does not 
have to literally be present in an advertisement for it to contain a narrative. The equivalent of a story board could occur in the 
text, telling the reader what the people depicted in the advertisement were thinking, thus suggesting the ad’s secondary lesson. 
 
       Once the advertisements were selected, they were examined to collect the following descriptive data: year of publication, 
their characters, characterization of the woman, specific products advertised, and the elements of their narratives, including 
plots, dialogue, and points of dramatic tension. Next, the ads were read to ascertain their secondary lessons for women.  
 
       Results of these analyses are summarized as follows: In 1939, three major types of lessons for women existed in the 52 
advertisements. These included the following: get married (n = 20, 38.5%), be a caregiver (n = 21, 40.4%), and be a 
homemaker (n = 10, 19.2%). One advertisement had a theme that did not fit within these categories.  
 
       In 1947, these lessons reoccurred as follows: get married (n = 13, 25%), be a caregiver (n = 22, 42.3%), and be a 
homemaker (n = 5, 9.6%). However, a new lesson called “be a super mom” appeared (n = 10, 19.2%). Two additional 
advertisements had a theme that did not fit within these categories.  

 
3.  Conclusions and Significance 

 
 
       Earlier researchers who examined the content of advertisements before, during, and after World War II found that 
advertisements only showed women working during the war. When the war ended, these advertisements virtually disappeared. 
They concluded that widespread social beliefs about woman’s place caused this shift back to traditional portrayals of women 
(Honey, 1984 and Lewis and Neville, 1995). In contrast, the results presented here indicate that a significant number of 
advertisements in 1947 contained lessons telling women that they could have it all—a husband, family, and a job outside the 
home. This was a significant shift accompanying the beginning of the two-income, two-career family in the United States. 
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1. Introduction 
 
       The Asmat, a people living in the alluvial, southwestern section of Papua, are known for their woodcarvings. This paper 
focuses on how the symbolism and symmetry on the shields corresponds with the Asmat’s philosophy and concept of the 
cosmos, and the ideas presented in this research reflect and build upon previous studies. While this is not a direct application of 
French structuralism, principles from this subparadigm of cognitive anthropology will nevertheless be employed as the 
theoretical background in explaining the representations on and structure of the shields. French structuralists study cognition 
by focusing on binary oppositions and the methods by which reconciliation is achieved between these pairs. The most 
fundamental of oppositions is nature vs. culture, but secondary oppositions exist as well (1). Of importance to this paper is the 
secondary binary opposition of life vs. death, which often finds its resolution in religion. In A.J.J.M. Boeren’s 1972 study of 
over 300 Asmat shields, he proposed that the interconnectedness and mirror images on the shields represented the cyclical 
nature of Asmat headhunting whereby the younger generation seeks revenge for the preceding generation’s death (2). 
Combined with the concept of binary oppositions within French structuralism, this paper redevelops and takes Boeren’s 
conclusions a step further and applies the methodology used in Anna Shepard’s descriptions of the seven classes of symmetry 
as well as Evelyn Payne Hatcher’s approach to studying art.  

 
2. Discussion 
 
       The Asmat conceive of a universe divided into three parts: the living, the intermediate, and safan, the place in the west 
where the ancestors dwell (3). The intermediate is the realm of the dambir-ow, spirits of the recently deceased whose deaths 
must be avenged before they can enter safan (3). The division of the universe, though, is not a true division in the strictest 
sense of the word. Within the Asmat culture, there exists a fluidity between life and death, and the Asmat continually strive for 
harmony and balance between this relationship. However, death creates imbalances, and no death, except those of the elderly 
and the very young, is natural or accidental. Thus, magic, headhunting, and childbirth are viewed as main causes of death in 
Asmat society (4). Nevertheless, headhunting and magic also help restore balance as do other rituals such as the bi pokomban 
(mask feast).  
 
       The shields provide not only protection from spears and arrows in a raid and ward off malevolent spirits in the village, 
they also play an important part in maintaining balance. Each shield is commissioned by family members as part of the process 
for amending a loved one’s death which enables that person to transcend from the living world to safan. In addition, the 
symbolic meaning of the three colors used on Asmat shields reinforces the shield’s mediating role between the living and the 
dead. The color white reflects strength and the spirit world while the color red represents blood, parts of the body, or 
scarification, and the color black symbolizes the earthly world and the spirits on earth (5). According to Dirk Smidt (6), the 
primary purpose of the shields is to communicate the connection between the realms of the living and the dead. Furthermore, 
the shields are carved in the jeu, the intermediate place between the living and the ancestors (6). Gunter Konrad (7) urges 
westerners to look at the shields in their totality and to view the specific designs as “the Asmat expression of their relationship 
to nature, fellow beings, and the spirit world.” While the abstract representations on the shields differ from region to region, 
they portray important subjects in Asmat culture, especially headhunting, and are meant to represent particular ancestors, and 
the design patterns on the shields from the various regions generally exhibit symmetry (8). Although symmetry may be a basic 
design characteristic and conducive for style comparisons, the degree and type of symmetry used as well as alterations to 
symmetrical design differ from culture to culture (9).  
 
       Shepard (9) outlined seven classes of design movement or symmetry: 1. translation (design simply repeats), 2. longitudinal 
reflection (mirror image reflected across a horizontal line), 3. transverse (mirror image across a vertical line), 4. bifold rotation 
(image turned 180°), 5. a combination of longitudinal and transverse reflection, 6. slide rotation (longitudinal plus translation), 
and 7. a combination of transverse reflection and bifold rotation. According to Shepard, the first step in analysis entails 
identifying the fundamental portion (the repeating part that comprises the design) and its particular type of repetitious 
movement (9). In addition, certain imperfections, such as elaborations on the fundamental portion which creates symmetrical 
variability, reflect a secondary concern for symbolism (9). The sample of shields incorporated into this analysis is from the 
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Lowell D. Holmes Museum of Anthropology at Wichita State University. Using a listing of the shields’ accession numbers and 
the villages from which the shields originated, approximately one half of the shields from each village were randomly selected 
and included within this study.  
 
       In the thirty-two shields studied, the most common occurrence of symmetry in main design was class 5, the transverse and 
longitudinal reflection with bifold rotation and slide reflection. Moreover, the coastal/central region displayed a higher degree 
of symmetry than the northwestern region’s sampling. When class 5 was not present in the main design, class 7, transverse 
reflection and bifold rotation with slide reflection, or the finite form of class 5 was often observed instead. Even a few of the 
accents contained a finite form of class 5 or 7. Since all five types of motions are present within class 5, Shepard (9) classifies 
class 5 as having the highest symmetry and class 7, which has three forms of symmetry, ranks second. Therefore, the overall 
design factors employed in Asmat shields utilize the highest forms of symmetry on a consistent basis. Consequently, 
considering that the shields serve as a medium between the living and the dead, a tangible vehicle of an intangible, the 
symmetry on the shields represent the balance and fluidity desired between the living and the dead.  

 
3. Conclusion 
 
 
       The Asmat’s desire for harmony can be seen in everyday life and religion, and other cultures possess this same ultimate 
goal as well (10). Yet, the particular understanding and approach for achieving this end and its material expression does differ 
between cultures. In the study of the combination of forms, what is important is how harmony is achieved through the 
arrangements (11). For the Asmat, the common use of high forms of symmetry in shield design illustrates the desired quality of 
relationships with the spirits, and the carved shield, a mediator between the living and the spirits, serves as the form. The 
symbols depicted on the shields represent those items important in Asmat belief and everyday life, and their arrangement and 
association with headhunting serves as a means to the desired end of a harmonious balance between the living and the dead. 
Indeed, Evelyn Payne Hatcher (12) writes that “behind the symbol lies the model (the definition, the paradigm of the way the 
world, reality is), and therefore how society is conceived.” 
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1. Introduction 
 
       Tammy Clewell1, in her insightful essay about how Virginia Woolf treats mourning in Jacob’s Room2 and To the 
Lighthouse3, forwards an argument important for anyone who writes about war.  Specifically, Clewell warns, “…when art 
neutralizes the trauma of private and public loss, it obscures the very conditions that produce destructive violence.” 4  For 
Clewell, as for Woolf, war literature must focus on the great human cost of war without offering consolation—consolation 
either through literary conventions (such as the ‘pathetic fallacy’ which likens natural processes of renewal to human loss to 
war) or through the forwarding, explicitly or incidentally, of either religious or secular arguments that justify war and lives lost 
to war.  Expanding upon Clewell’s argument, this paper considers how two pieces of war literature include plots that, 
specifically by the nature of their climaxes, allow readers to focus precisely on the human cost of war. 
  
       Within the sociopolitical context of the USA today, this paper figures as a text demanding that Americans do more to 
challenge popular depictions of destructive violence in general, of war in particular.  Cultural texts, such as Hollywood war 
movies and young adult video games that simulate war, often fail to hold true to real life by glorifying war while obscuring the 
social conditions that allow for, and promote, war.   
  
2. Discussion  
 
       Luigi Pirandello’s5 “War” and Kurt Vonnegut’s6  Slaughterhouse-Five emphasize the mental anguish war causes to the 
individual by refusing to feature fighting in their climaxes.  Instead, the plots of both works involve protagonists who, at the 
scene of climax, realize that war has irreparably damaged their lives.   
 
       Climax, according to Brooks and Penn Warren, “…is the decisive moment [of a plot] in the purely physical sense…, [the 
moment that] tells us about the success or failure of [a character’s] adventure at its practical level.”7  Popularly, in Hollywood 
movies and in war-simulating video games, the climax of the narrative includes an anticipated battle.  The pieces of war 
literature considered here refuse to render a “Hollywood” version of war that excites an audience and makes war seem 
entertaining.  At the climax of each narrative, protagonists realize the harm of war.  What is emphasized, then, through plot is a 
protagonist’s moving from ignorance to understanding.  Moments of realization of the harm of war, naturally, disallow for 
glorification of warfare.  
 
       With climax clarified, consider the plot of Pirandello’s “War.”  “War” is a story whose protagonist has lost a son to the 
Second World War.  This protagonist, who is never named, finds consolation through the secular argument that his son died for 
a cause greater than himself, for country.  The protagonist, however, finds himself threatened by passengers on a train who fail 
to find any consolation in the thought that their sons might die for country.  These passengers fear the irreparable emptiness a 
son’s death would leave in their lives.     

 
       Pirandello creates a climax in which the protagonist realizes, after arguing with passengers, that secular justification for his 
son’s death cannot repair the emptiness in his life his son’s death created.  The protagonist, in the scene of climax, breaks down 
and cries.  This theme of facing emptiness war causes, Tammy Clewell argues, is another feature of Virginia Woolf’s writing 
which helps denounce war and consolatory mourning, mourning that tempers feelings of loss through secular and/or religious 
platitudes and that obscures the social conditions that allow wars to happen:   
 
       To mourn Jacob [in Virginia Woolf’s Jacob’s Room] is to acknowledge the absence he has become. And to sustain grief 
for this absence establishes the possibility for a vigilant relation to a fragile social present, an historical moment, as Woolf 
rightly recognized, that threatened to repeat the catastrophic violence of a war intended to end war.8   
With “fragile social present,” Clewell refers to Victorian social institutions during the First World War that promoted war and, 
if not checked, could (and in fact did) continue to promote destructive violence.  Like characters in Woolf’s novel, then, the 

 65



protagonist in “War” recognizes the emptiness his son has become.  The protagonist must mourn without consolation—and 
must do so to ensure peoples analyze, and view as untenable, context-specific social conditions that allow for war. 
 
       While “War” focuses on the effects of wars of propaganda, wars fought at the home front, Slaughterhouse-Five focuses on 
the effects of wars fought at the military front.  Nevertheless, Slaughterhouse also confronts, as part of its plot, the harm wars 
cause to human beings by placing at the climax a moment of realization for Billy Pilgrim.  The novel’s protagonist, Billy 
Pilgrim realizes the permanent mark the war, and in particular the 1945 firebombing of civilians in Dresden, left on his life. 

 
       That Vonnegut wanted to avoid making a “Hollywood” version of a war story is explicitly stated in Chapter One.  In 
Chapter One, Vonnegut the writer appears as a character and is reproached by Mary O’Hare, the wife of his war buddy, because 
she believes he will glorify war in his novel: 
               ‘You’ll pretend you were men instead of babies, and you’ll be played in the movies by Frank Sinatra and John Wayne 
or some of those other glamorous, war-loving, dirty old men.  And war will look just wonderful, so we’ll have a lot more of 
them.  And they’ll be fought by babies like the babies upstairs.’9

Vonnegut in Chapter One promises Mary O’Hare that he will avoid writing a novel that idealizes war, and, in fact, 
Slaughterhouse is dedicated in part to Mary O’Hare and stands as one of the most widely studied antiwar novels in the English 
language.  Most important, Vonnegut comments on the social function of literature, and the specific role popular narratives play 
in shaping social consciousness on the topic of war.   

 
3. Conclusion 
 
       In “War” and Slaughterhouse-Five, not protagonists fighting, but protagonists realizing war’s human cost after fighting, 
receives emphasis as part of plot.  By placing realizations of the irreparable damage wars cause to a character at a narrative’s 
climax, writers find one method of challenging secular and religious arguments that justify war and that obscure why wars are 
waged.  Furthermore, by constructing narratives that challenge secular and religious arguments that justify war, or that offer 
consolation to those who mourn family members who died in war, writers of any period can raise the consciousness of readers 
at the home front who by their complacence or learned attraction to war contribute to the damaging of human beings at the 
military front.   
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1.  Introduction 
 
       With our increasingly impersonal and time-constrained world, many claim they are so busy that they do not have the time 
to find dates the old-fashioned way. Instead, more and more singles place personal ads in the mass media to find dates. 
Newspapers, the telephone, television and websites are among the places used to find “the one.” Essentially, personal ads are a 
meta-statement about the kinds of people we are [1]. Like advertisers, people use the personals to describe their characteristics 
and qualities. And also, like advertisers, they adjust such qualities and characteristics to what they believe potential dating 
partners are looking for [2]. As a result, the personals are considered by researchers to be rich sources of information on 
relationships and in mating strategies [3].  
 
       One of the most popular sites is friendster.com, which was launched in 2002. Friendster was not originally promoted as an 
online dating site. In fact, many people see it as a place to keep in touch with their old friends nearby or other across the globe 
[4]. To become Friendster members, users can sign up free of charge, post up to six pictures and fill out profiles that lists their 
interests and who they would like to meet. The profiles include a section titled “about me,” where users describe themselves 
[5]. Once users are registered, they can start building their own personal networks by inviting their friends and their friends’ 
friends to sign up. Unlike a traditional online community network, other users do not get to be on another user’s friendster list, 
unless they are confirmed as his or her “real-life” friend.  
 
       Beyond this, however, many people use Friendster as a place to meet future partners. Many believe Friendster is not like 
regular online dating sites because people can meet their future husbands or wives through their friends. Because of its referral 
element, some are calling Friendster as matchmaking site, a fact that makes it significant for study. By late 2004, Friendster 
had more than 13 million users [6].  
 
2. Experiment, Result, Discussion and Significance 
 
       This study reports on how Asian women advertise themselves on friendster.com. The method employed was qualitative 
content analysis. The texts studied are the “about me” and “who I want to meet” sections of Friendster’s users’ personal page. 
A total of 20 pages were studied, 10 for each of the 18-21 and 27-30 age groups. The 18-21 age group was selected for study 
because its members are after looking for a partner (boyfriend). But, since they are still young, it was thought they might not be 
as serious as those who are in the older age group. On the other hand, the second age group (27-30) was chosen because it is 
perceived as a group that is more serious in finding a partner. Many in this group are ready to settle down and get married.  
 
       Other parameters are set to select the sample. Users should have at least a picture on their page. They have to be single and 
should have chosen “interested in meeting people for dating” or “relationship” in their profiles. In terms of language, they 
should use English when filling out the profile. Since the researcher is looking at Asian women, she restricted the sample to 
users who are from Indonesia, Malaysia and Singapore. These are the three neighborhood countries that share similar cultural 
norms and values.  
 
       In the analysis of the Friendster entries, four elements were focused on.  

 
Element one: Presentation of name 

A person’s name sure has a great influence on initial impression [7]. Many people choose to use nicknames rather than their 
formal names to attract others’ attention. From this study, the researcher found that the younger age group had the tendency to 
use nicknames. Out of 10 samples, five used nicknames. They were “ApPlE,” “Queenie,” “pEaRLyhEaRt,” “bebenyp” and 
“bluRie anGie.” Another interesting finding from the younger group related to the use of name is that the alphabets that were 
used to construct their names were modified. For the older age group, the researcher found that it did not use nickname at all. 
The alphabets were also not modified.  
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Element two: representation of the pictures 
Pictures are one of the important elements in a personal advertisement. They give advertisers a chance to show what they really 
look like. Pictures are also important for the advertisement’s responders because they want to know what the advertiser looks 
like in “real life.” The younger age group employed picture that contains the user by herself. All of them were taken from a 
close distant. All of the young women in this group uploaded more than one picture. The research also suggest that users 
constantly updating their pictures. An example is taken from one user who wrote “after the hair cut” for her caption to indicate 
that it was her latest picture. 
 
       Most of the users in the older age group employed pictures that contain the user by herself. As far as the amount of pictures 
displayed, four users uploaded one picture; one user uploaded two pictures; two users uploaded three pictures; one did four 
pictures; and two users had the maximum amount which is six pictures.  

 
Element three : verbal self description 

“About me” is the section where Friendster users have the chance to express what type of person they are through words. This 
is the time when users whether they are conscious or not “advertise” themselves. Users have up to 2000 characters to describe 
themselves. The younger age group has the tendency to write more. Two users had lyrics of songs by Christina Aguilera, 
Britney Spears and Maroon 5 for their self-description.  
 
       The researcher found some emergent themes from this group. There are three words that occur in most of the profiles 
which are love, friends and friendship. On the other hand, the older group tended to be straighter to the point with what they 
wanted to say about themselves. Their self-descriptions are also more succinct than the younger ones’. An emerging theme 
identifiable among the older group is that they present themselves as “I am who I am.” 

 
Element four: motivation 

In the “who I want to meet” section, “advertisers” indicate who they would like to meet through Friendster. They have up to 
1000 characters to express their wants. An emergent theme found in the younger age group members was users’ tendency to 
write “you” for who they want to meet. This is how broad of audience that they want to reach because “you” can simply mean 
anybody. Few indicated that they want to meet “the one.” 
 
       As far as the older age group, some of these users indicated that they are ready to get married and looking for one through 
Friendster. Another emerging theme that was discovered during this study is that the older age group users are looking for 
someone who has similar interests to them.  

 
3. Conclusions 
 
       In conclusion, the researcher has studied the four elements presented on Friendster users’ profile. From this study, the 
researcher discovered that these women do advertise themselves through their words and pictures. And, Friendster has 
“unofficially” become a new online dating site.  
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1.  Introduction   
 
       Recent studies have indicated that environmentally 
realistic concentrations of pesticides may alter behaviors 
of amphibian and fish species impacting larval 
survivorship and growth.  Alterations in fish swimming 
have been reported in response to chronic and acute 
exposure to atrazine [1].  Tadpoles of Bufo woodhousii 
exposed to atrazine exhibited significantly reduced 
activity [2].  Swimming activity in the African clawed 
frog has been reported to be decreased in the presence of 
atrazine [3]. Sub-lethal exposure to the organophosphate 
insecticide carbaryl significantly decreased activity and 
proportion of time spent foraging in Hyla versicolor [4]. 
While anti-predator and foraging behaviors are necessary 
for tadpole survival, kin recognition is in many amphibian 
species an equally important behavior that promotes 
aggregation and may also reduce predation risk.  Kin 
recognition (in tadpoles mediated by water-borne 
chemical cues [5]) is the ability of an individual to 
associate with relatives in preference to non-relatives.  
Aggregation of kin may serve as an effective anti-predator 
defense and may also improve swimming, feeding 
efficiency and thermoregulation among related 
individuals.  It has been reported that B. americanus, a 
closely related species to B. woodhousii, exhibits kin 
recognition behaviors.   
       
       The purpose of this study was to determine the effect 
of two pesticides, the triazine herbicide atrazine and the 
organophosphate insecticide chlorpyrifos, on kin 
recognition and activity of tadpoles of B. woodhousii.  
During peak application periods of atrazine during the 
spring, concentrations of 250 µg/L or greater have been 
reported in some Kansas streams. In bodies of water 
adjacent to cornfields, chlorpyrifos has been detected at 
levels up to 67 µg/L [6]. The concentrations of atrazine 
(0, 20, and 200 µg/L) and chlorpyrifos (0, 1 and 10 µg/L) 
used in this experiment are therefore possibly encountered 
by amphibians that breed in temporary pools near 
agricultural fields during spring reproductive activity. The 
null hypothesis was that preference for kin and activity 
were the same among control and pesticide exposed 
animals. 
 
 

2. Materials and Methods 
 
       Two pairs of adult toads were collected from 
different breeding ponds to assure that both related and 
unrelated tadpoles would be available for testing. Pairs 
were induced to breed with human chorionic 
gonadotropin and housed in breeding tanks with 
moderately hard water (MHW).  Fertilized eggs were 
maintained in breeding tanks for 5 days. For each clutch, 
20 randomly chosen tadpoles (‘receivers’) were assigned 
to each of 12 different aquaria and exposed to atrazine (0, 
20, 200 µg/L) or chlorpyrifos (0, 1, 10 µg/L) in 6 L of 
MHW for two weeks (Gosner stages 29-40). Tanks were 
aerated and complete water change and chemical renewal 
was made every 3 or 4 days. Tadpoles were fed ad libitum 
a crushed mix of algae disc and commercial frog pellets. 
 
       Tadpoles (n=200) not chosen as receivers, termed the 
‘cue’ animals,  were maintained in MHW in large tanks 
for separate clutches and fed  in a similar manner. A 
plastic tank with an internal compartmentalized plexiglass 
cage (69 x 38 x 10 cm) was used to test two tadpoles 
simultaneously for sibling group preferences. Each end 
compartment (9 cm) was separated by a 50 cm central 
area which was subdivided for each receiver tadpole 
being tested.  The bottom of the central department was 
marked to distinguish three areas: a middle zone and two 
zones adjacent to each cue end.  MHW without chemical 
was added to a depth of 6 cm. This experimental approach 
follows that used in a number of studies designed to 
examine kin selection in amphibians [e.g., 7]. Twenty cue 
tadpoles from each of the two clutches were placed in 
opposite end compartments.  After a 10 minute 
acclimation, receiver tadpoles were individually placed in 
the central compartments and acclimated for 10 minutes; 
tadpoles were then videotaped for 10 minutes. Total time 
actively moving and time spent in each area near kin 
(Ktime) or non-kin (Nktime) tadpoles were recorded for 
each receiver. Chambers were cleaned between each test 
event and clutches were switched to opposite end 
compartments. Two-way ANOVA was used to determine 
the effects of clutch and chemical treatments for both the 
atrazine and chlorpyrifos experiments.   
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3. Results and Discussion 

Atrazine Experiment 
       ANOVA results (Table 1) indicated significant 
differences among clutches, among atrazine 
concentrations and treatment interaction for mean total 
time active during the 10 minute observation.  Tadpoles in 
both clutches exposed to 200 µg/L atrazine exhibited 
significantly less activity than control animals. Tadpoles 
from clutch 2 exhibited greater mean activity, in general, 
than tadpoles from clutch 1, indicating inter-clutch 
variation for this trait. The significant interaction between 
clutch and atrazine treatment reflects the tendency 
exhibited by clutch 1 animals to decrease activity at both 
20 and 200 µg/L exposures, while clutch 2 animals tended 
not to decrease activity until 200 µg/L.  
  
       Although only significant at p = 0.076 (Table 1), 
tadpoles exhibited a tendency to spend less time in the kin 
end of the tank with increasing exposure to atrazine. No 
differences were noted in mean time spent near non-kin 
individuals.  

 
Chlorpyrifos Experiment 
       ANOVA results (Table 2) indicated a non-significant 
effect of chlorpyrifos on mean activity, but a near 
significant effect on both time spent near non-kin and kin 
ends of the experimental tank. There was, however, no 
obvious dose-related effect. Tadpoles exposed to 1 mg/L 
chlorpyrifos tended to spend more time near kin and less 
time near non-related individuals than tadpoles in either 
the 0 or 10 µg/L treatments. 

       Although chlorpyrifos did not impact mean activity 
time, there were significant differences in activity among 
the clutches (Table 2) , again illustrating inter-clutch 
variability in behavior as observed in the atrazine 
experiment.  Clutch 2 tadpoles exhibited significantly 
greater activity levels in all chlorpyrifos treatments. 
 
4. Conclusions  
 

       Tadpoles of B. woodhousii exhibited significantly 
reduced levels of activity after exposure to 200 µg/L 
atrazine. Similar concentrations may be found in 
temporary breeding locations adjacent to agricultural 
fields.  Previous studies in our laboratory have indicated 
that atrazine is associated with delayed metamorphosis 
and growth in X. laevis.  Reductions in activity are 
predicted to be associated with reductions in foraging 
activity and growth, which may in turn provide an 
explanation for delayed metamorphosis.  Predator escape 
in tadpoles is often accomplished by short bursts of 
activity interrupted by periods of inactivity under cover.  
A reduction in activity levels may increase vulnerability 
to predation. 
 
       Tadpoles exposed to atrazine also exhibited a near 
significant tendency for decreased amounts of time spent 
near kin, suggesting an alteration in kin selection behavior 
that may negatively impact survivorship by disruption of 
aggregative behavior. Chlorpyrifos exposure did not 
significantly affect activity of tadpoles; tadpoles reared in 
1 µg/L chlorpyrifos spent less time near kin and more 
time near non-kin animals in the other treatment groups. 
These results provide a strong impetus to continue an 
examination of pesticide effects on kin selection behavior.  
This study also indicates that intraspecific variations in 
behavioral responses to pesticides are likely, which 
should be considered when designing experiments to 
detect subtle, yet ecologically relevant, behavioral 
endpoints. 
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Table 1. Results of 2 X 2 ANOVA for tadpoles exposed to atrazine.  Values given are F statistics and p values. Degrees of freedom are given in 
parentheses. 
Trait  Clutch (1,114) Atrazine (2,114) Clutch x Atrazine (2,114) 
Active (s) 10.59, <0.001 10.20, < 0.001 9.06, <0.001 
Ktime (s) 3.60, 0.060 2.64, 0.076 0.54, 0.584 
Nktime (s) 1.97, 0.163 1.28, 0.283 0.50, 0.608 

 
Table 2. Results of 2 X 2 ANOVA for tadpoles exposed to chlorpyrifos. Values given are F statistics and p values. Degrees of freedom are given 
in parentheses. 
Trait Clutch (1,114) Chlorpyrifos (2,114)  Clutch x Chlorpyrifos (2,114) 
Active (s) 50.35, <0.001 0.20, 0.822 2.29, 0.106 
Ktime (s) 0.25, 0.612 2.80, 0.065 1.18, 0.3121 
Nktime (s) 0.12, 0.730 2.90, 0.054 1.43, 0.243 
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1. Introduction 
 
       Research findings on the effects of line length on reading speed have not been consistent. Many online designers use the 
recommended line length for printed material, approximately 52 characters per line (cpl) [1] when designing online reading 
material. However, researchers have found 55 cpl [2], 75-100 cpl [3, 4], and 100 cpl [5] to result in faster online reading speeds.  
 
       The effect of line length on comprehension has also varied. While comprehension has been assessed differently across 
studies, a set of questions intended to determine if the reader has retained the information from the passage is commonly used. 
According to McKnight, there is no consensus about how comprehension should be assessed [6]. Recently, Dyson and 
Haselgrove [2] used a more comprehensive set of questions that required the reader to use higher order thinking, to remember 
order of items (structure), to recall main ideas, to recall incidental facts from the passage, and to indicate if a line was in the 
passage or not. Using this refined tool for measuring comprehension, they found that 55 cpl facilitated better overall 
comprehension. 
 
       In an attempt to further investigate the effects of line length on online readability, this study investigated the effects of four 
different line lengths on reading speed and comprehension. The effects of the varying line lengths (35, 55, 75, and 95 cpl) were 
investigated across two types of passages: short, online news stories and longer, narrative passages.  

 
2. Experiment, Results, Discussion, and Significance 
 
       The dependent variables of interest were reading speed, comprehension, satisfaction, and user preference. Reading speed was 
measured in words per minute. Comprehension was assessed with a set of multiple choice and true/false questions covering a 
variety of material from the passages which are described in detail in the Materials section. Satisfaction was measured using a 
Reading Satisfaction Questionnaire consisting of 11 questions. Users indicated their preferred line length at the completion of the 
experiment during the Post-Experiment Evaluation. 
 
       Passages with approximately 2500 words were selected for the four narrative sources such as East of the Web (www.short-
stories.co.uk). The average passage length for the narrative passages condition was 2404.5 words. News articles were defined as 
having between 300 and 450 words. Eight news articles averaging 367.88 words per article were chosen from MSN® and 
Yahoo® news.  
ReadingSpeed 
       A main effect of line length was found with the 95 cpl condition resulting in significantly faster reading speed. A main effect 
of passage type on reading speed was found with the longer, narrative passages being read faster than the shorter, news passages. 
Comprehension 
       No main effects for line length or passage type on comprehension were found. However, as shown in Figure 1, a significant 
interaction of line length and passage type was found. Post hoc t-tests revealed a significant difference between scores on 35 cpl 
and 75 cpl in the long, narrative condition; 35 cpl narrative was also significantly different than 35 cpl, 55 cpl, and 95 cpl in the 
news condition. When evaluating reading efficiency (calculated by multiplying the words per minute by the percentage correct on 
overall comprehension), there was no effect of line length. An effect of passage type was found with the narrative passages 
resulting in higher reading efficiency. 
Satisfaction 
       A main effect of passage type was found for two satisfaction questions indicating that users felt more confident in their 
comprehension and ability to concentrate on the narrative passages.  
User Preference  
       The trend revealed in Figure 2 shows that participants often rated conditions 35 cpl and 95 cpl as either their most or least 
favorite choice. 
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Figure 1. The interaction of line length and passage type on comprehension. 
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Figure 2. Percentage of participants choosing line lengths as their least or most favorite 

 
3. Conclusions 
 

Reading rates were fastest at 95 cpl. Participants read the 95 cpl passages faster in both the narrative and news 
conditions. Across both passage types (narrative and news) reading speed increased as line length increased. There was no 
interaction of line length and passage type indicating the effects were similar across all line lengths and both passage types. There 
does not seem to be one line length that is suitable for one type of passage; rather, a longer line length has speed advantages 
regardless of passage type. When evaluating the effect of passage type on reading rates, the narrative passages were read 
significantly faster than the news articles.  in this experiment the 35 cpl condition resulted in the highest comprehension score for 
the narrative passages. In the news article condition, the best comprehension score was at 75 cpl. Preference was not significantly 
different in this study which may be attributed to the participants choosing 35 cpl and 95 cpl as their least or most favorite almost 
equally. These findings make recommendations challenging due to the fact that users indicated preferences for the extreme 
conditions while reading one extreme faster (95 cpl) and comprehending better (in narrative passages) at the other extreme (35 
cpl). 
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1. Introduction 
 
       An accurate method of measuring the thickness of 
paint on composite aircraft parts is important from a 
weight standpoint, but more importantly, due to damage 
that can occur from lightning strikes on composite parts 
with excessively thick paint coatings. When the lightning 
strikes the aircraft, the embedded conductive wires (which 
are made up of aluminum) evenly spread the current over 
the surface of the aircraft. The current generated due to 
the lightning reaches the different layers of the aircraft 
skin depending on the paint thickness or, in general, 
coating thickness. If the paint is thick, the current 
generated by lightning cannot spread and burns a hole in 
the aircraft. This project was charged with a task of 
looking at a method to improve the accuracy and ease of 
operation of a commercial paint thickness measurement 
system that analyses the reflection pattern of an acoustic 
pulse echo (time domain reflectometry).  
 
2. Signal Processing Technique and Intelligent   
    Algorithms 
 
2.1) Present method and its bottlenecks 
 
       The present method used by many aircraft companies 
in calculating paint thickness is called “pulse-echo 
method”. In the industry it is used for flaw detection, 
cracks, thickness gauging etc. A local aircraft 
manufacturer used the pulse-echo method to test the paint 
thickness on composite aircrafts. The pulse-echo method 
consists of a pulser, a transducer, a receiver and an 
oscilloscope. The pulser sends the electric pulses into the 
transducer and the transducer converts these electric 
pulses into acoustic pulses. These acoustic signals travel 
through different layers of aircraft skin and the receiver 
records reflections from discontinuities between the 
surfaces. These are captured with the oscilloscope and 
later processed with different techniques to calibrate the 
thickness of the material. The problem with this method is 
it requires a highly qualified technician to interpret the 
data. In this project, we tested the efficiency of Artificial 
Neural Networks in measuring the thickness of the paint 
on composites by using the data that was processed using 
a signal processing technique, Fast-Fourier Transform 
(FFT).  

 
 
2.2) Elimination of bad data 
 
       The data, which was in time-domain, was obtained 
from a local manufacturer (Cessna). To remove the front 
surface reflections, since they play no major role in 
measuring the thickness of the paint on the composite 
panel, first 4mil of the time-domain data was removed 
before proceeding to any further steps. This data was then 
normalized by first dividing all the points of the 
amplitude with the largest magnitude and then referencing 
the start of the signal to a common point, the peak of the 
reflected signal. These normalized data points were 
processed using Fourier transformations.  
 
2.3) Fast Fourier Transform (FFT) 
 
       A Fourier Transform (FT) is an analytical method 
used to convert a signal between time-domain and 
frequency-domain. The reflectometry signal used to 
calculate paint thickness is initially in the time domain.  
This domain is not always the best for signal processing 
related applications. In many cases, the most 
distinguished information is hidden in the frequency 
content of the signal. The frequency spectrum of a signal 
is basically the frequency components (spectral 
components) of that signal.    

 
The Fourier Transform of a signal f (t) is given by  

F (t) = ∫
∞

∞−

dtetf tjω

π
)(

2
1

 

Where ω = frequency 
            t = time 
 
       The time-domain reflectometry data produced by the 
measuring instrument is in a discrete form due to 
sampling of the data.  For this, a Discrete Fourier 
Transform (DFT) is used. The FFT is merely an algorithm 
for efficient computation of the discrete Fourier transform 
[1].   
 
       Plots in figure 1 represent time-domain plot before 
chopping off first 4mil, normalized time-domain plot after 

 73



chopping off the first 4mil and its Fast Fourier Transform 
(FFT). 

 

 

 
Figure 1: Plots representing different domains 

       Since the signal was concentrated in the first 50 
frequency bins of the FFT data, these were provided as 
inputs to neural networks.   
 
2.4) Artificial Neural Networks (ANN) 
 
       An Artificial Neural Network (ANN) is a powerful 
tool that is able to interpret and classify data. The true 
power and advantage of neural networks lies in their 
ability to represent both linear and non-linear 
relationships and to learn these relationships directly from 
the data being modeled [2]. In the present project, we 
tested the ability of an ANN to calculate the paint 
thickness on composite panels using a signal-processing 
method known as FFT. Backpropagation algorithm was 
used in the present project.  
 
       Time-domain reflectometry data, which was taken by 
Cessna on paint over composite panels, was obtained in 
March 2004 and processed using FFTs. These were given 
as inputs to ANN to test their ability in approximating the 
paint thickness on composite aircraft. Neuralworks 
Professional II software was used and the details of the 
network architecture is as below: 
 
 

Network architecture     #PEs 
Input layer                                        50 
Hidden Layer1                                7 
Hidden Layer2                                  3 
Hidden Layer3                                  0 
Output                                   1 
Learning Rule: Norm-Cum-Delta 
Activation Function: Sigmoid 
The rest of settings used were default values.    
After training the network, the test rms error was 0.0945.   
 
3. Conclusions 
 
       Using time-domain reflectometry data, provided by 
Cessna, paint thickness was calculated to within ±9% 
maximum error using FFT preprocessing and artificial 
neural networks.  If this method is integrated with the 
existing pulse-echo method in the form of software, paint 
thickness can be approximated using the already trained 
ANN by feeding the processed data into a computer. 
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1. Introduction 
 
       Diethylstilbestrol (DES) is a potent, non-steroidal, 
synthetic estrogen that was widely prescribed to pregnant 
women from the 1940s to 1960s to prevent miscarriages. As 
a consequence, more than one million fetuses were exposed 
to the drug in the United States alone [1]. Ultimately, DES 
was recognized as the prototypical endocrine disruptor after 
fertility deficits and teratogenic and neoplastic changes were 
reported in the reproductive system of men and women 
exposed to DES in utero [1]. Experimental studies with 
rodents as animal models have corroborated the clinical 
phenomenon. Our lab has long been involved in the study of 
the endocrine-disruptive activity of neonatal DES exposure 
using Syrian golden hamsters as the animal model [2].
 Preliminary studies from our group showed that neonatal 
exposure to DES during ovarian organogenesis induces 
marked alterations in the morphology and function of the 
hamster ovary [3]. Alterations found included a more 
fibroblastic and less differentiated / organized stroma and 
the development of polyovular follicles (POF) of irregular 
shape in prepubertal animals (Fig. 1).  
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
Fig. 1. Histology of prepubertal (day 21) hamster ovaries obtained from 
hamsters treated with DES or with vehicle alone (CON) within 6 hr of birth 
(day 0). Shown are cross sections of ovaries stained with hematoxylin and 
eosin. Note the presence in the DES ovary of a more fibroblastic and less 
differentiated / organized stroma and the development of polyovular 
follicles (POF) of irregular shape. 
 
       In mature animals, alterations included anovulatory 
follicles, the absence of corpora lutea, hyperplasia of the 
stromal compartment and hypertrophy of the theca layer. At 
five months, DES ovaries exhibited many cystic unovulated 
follicles with abnormal theca and absolute absence of 
corpora lutea [3].  

       Such morphological anomalies were not present in ovaries 
from the control or neonatally estradiol-treated animals [3]. 
These results suggest that DES induces follicular and stromal 
aberrations early in ovarian development and is a more potent 
endocrine disruptor than estradiol in the hamster. The current 
study used immunoblotting to assess neonatal DES-induced 
disruption of protein expression in the prepubertal hamster 
ovary. 
 

2. Materials and Methods 
 
       Newborn female hamsters were treated within 6 hr of 
birth (day 0) with a single subcutaneous injection of 50 µl of 
vehicle corn oil (control, CON) or vehicle containing 100 µg 
DES (~33 mg/kg body weight). Prior to puberty (day 21), 
control and DES animals were terminated and the ovaries 
were harvested, dissected out of the ovarian bursa and 
associated fat tissue and frozen at -80˚C for later extract 
preparation. Ovaries were weighed and homogenized in 9 
volumes of chilled TE buffer (10 mM Tris base, 1mM EDTA, 
pH 7.4) to yield total protein extracts. 
 
       Samples were denatured by boiling for 3 min in 
denaturing sample buffer. Sample aliquots (50µl) were run 
under denaturing conditions by SDS-PAGE in 5-15% gradient 
gels. Gels were either stained (Coomassie brilliant blue) or 
electrotransferred to a nitrocellulose membrane for 
immunoblotting. Membranes were incubated with primary 
antibody for 14 hrs at 4˚C, followed by incubation for 1 hr at 
room temperature with appropriate species-specific 
biotinylated secondary antibody. Next, membranes were 
incubated for 30 min at room temperature in an avidin-biotin-
peroxidase complex reagent and finally they were reacted with 
a commercial diaminobenzidine substrate solution. 

DES CON 

 
3. Results 
 
       In this project several antibodies available in our lab were 
tested to determine reactivity against hamster ovarian proteins 
as well as differences in the pattern of expression of 
immunodetectable proteins between prepubertal control- and 
DES-treated hamsters. Notable results were found with some 
of the antibodies tested (Fig. 2). Connexin 43 is a member of a 
large family of subunit proteins that compose the intercellular 
membrane channels gap junctions. Gap junctional 
communication is an important component of cell signaling 
pathways involved in development and homeostasis [4].                  
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Neonatal treatment with DES resulted in downregulation in 
the level of expression of the 43-kDa protein compared to 
CON animals. Tenascin-C is a glycoprotein present in the 
extracellular matrix (ECM) of many tissues. It modulates 
adhesion of cells to fibronectin and can be classified as an 
anti-adhesive or adhesion-modulating ECM protein. 
Tenascin-C is expressed during organogenesis, is absent in 
developed organs and reappears under pathological 
conditions such as tumorigenesis [5]. Exposure to DES 
resulted in downregulation of this >200-kDa protein.  

 
 
 
Fig. 2. Immunoblot analysis. Total protein extracts from 21 day-old 
hamster ovaries, control- (C) and DES-exposed (D) were resolved by SDS-
PAGE and then coomasie stained (left). Western blot analysis of total 
protein extract showed alteration of the pattern of expression of three 
proteins tested, Tenascin-C, IRS-1 and Connexin-43. 
 
 
       Insulin Receptor Substrate (IRS-1) is a member of a 
family of 9 kinase proteins that bind and are phosphorylated 
by the activated Insulin Receptor. Phosphorylation of IRS 
kinases is a key step in the pathways resulting in stimulation 
of Insulin-mediated metabolic and mitogenic functions [6]. 
This 180-kDa protein was also downregulated in the DES-
treated animals compared to CON animals. 
 
4. Conclusions 
 
       In an effort to better understand cellular responses to 
DES exposure in regard to protein expression in the hamster 
ovary, we have taken an immunoblot approach. The 
following proteins showed a differential pattern of 
expression in pre-pubertal ovarian tissues between CON- 
and neonatally DES-exposed hamsters: 1) Connexin 43 is 
highly expressed in granulosa cells of developing follicles 

in mice ovaries and is required to sustain granulosa cell 
proliferation [7]. In the pre-pubertal hamster ovary, neonatal 
DES exposure resulted in downregulation of this protein. 2) 
Tenascin-C was found to be upregulated in the stroma of 
ovarian malignant tumors compared to normal ovary and 
benign tumors where the protein was expressed around blood 
vessels [8]. In our system, the general expression of Tenascin-
C was downregulated in DES-treated animals, compared to 
CON animals. 3) Insulin Receptor Substrate (IRS-1) is 
downregulated by neonatal DES exposure in the pre-pubertal 
hamster ovary. Further studies will investigate the connection 
between the Insulin signaling pathway and the adverse effects 
of DES on the developing genital tract. 

kDa C   D C  D   

 
       In the present study we show that the pattern of 
expression in the hamster ovary of three important proteins is 
altered by neonatal exposure to DES. In addition, the analysis 
of protein expression is a valuable tool in understand the 
cellular and physiological changes involved in the etiology of 
neonatal DES-mediated endocrine disruption. 
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1. Introduction 
 
       The purpose of filtering is to estimate the state 
variables of a given system. On the early stage, the study 
was based on the assumption that the system dynamics are 
known by a certain model and external noise was white 
with known statistical properties, that is well known 
Kalman filtering. But in the practical applications, the 
disturbances may not be known exactly and the system 
uncertainties may appear in modelling. In these robustness 
issues, H∞ technique is  usually used  because it is more 
robust to disturbances.                   
 
       The model reduction is important issue in many 
applications, especially when fast data processing is 
necessary to reduce the complexity and real time 
computational burden, even though it costs the loss of 
performance and robustness. For instance the reduced 
order filter problem was studied in H∞ setting[1]. More 
recently, LMI(Linear Matrix Inequality) technique was 
developed. The important role of LMI technique was 
already recognized in the early 1960’s, but the recent 
emergence as a powerful computational design tool in 
system and control engineering  was originated from the 
computational efficiency and flexibility to treat large class 
of system design problems[2],[3]. The recent research for 
robust reduced-order filtering problem was studied in H2 
setting via LMI approach in [4]. To the author’s best 
knowledge, until now, these concepts were not applied to 
H∞ setting. Thus, the author thinks that a research to this 
direction is valuable. 
 
 
2. Preliminary result 
 
       At first, the model order reduction in H∞ setting with 
certain plant model, i.e., not-robust case, will be studied 
and the characteristics will be surveyed. The two lemmas 
and one theorem are playing the key role in this research.  
 
Lemma 1[2]: 
     Consider a stable linear time invariant system : 
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where A,B,C,D are appropriate dimensional matrices,  d is 
disturbance vector and its transfer function is:  
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This lemma is a well-known Bounded Real Lemma. 
To include plant model uncertainties, we formulate them 
in the form of a polytopic model as follows. 
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where Ξ  is unit simplex such as  
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This formulation is convex combination, so it is useful for 
LMI approach. Another useful lemma is as follows. 
 
Lemma 2[3]: 
     Let Γ, Λ, and Θ=ΘT be given matrices. There exists a 
matrix F to solve the matrix inequality 
 
ΓFΛ+( ΓFΛ)T+ Θ < 0                                                  (6) 
 
iff the following conditions are satisfied 
 
Γ┴ Θ Γ┴T < 0                                                                (7) 
ΛT┴ ΘΛT┴T < 0                                                             (8) 
 
where  ┴ is orthogonal complement operator.  
 
In this case, all solution matrices F are parametrized by  
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F = -R-1ΓTФΛTΨ+Ω1/2LΨ1/2                                        (9)       
 
where Ф, R and L are free parameters subject to  
 
Ф = (ΓR-1ΓT- Θ) -1  > 0, R>0, L <1                         (10) 
 
where Ω and Ψ are defined by  
 
Ω = R-1- R-1 ΓT(Ф-ФΛTΨФ) Γ R-1                             (11) 
Ψ = (ΛФΛT)-1                                                             (12)                
 
This lemma shows us that almost all the linear controller 
design problems can be formulated as (6). 
 
The following theorem shows the necessary and sufficient 
condition for the existence of filter and filter gain that we 
wish to find. 
 
Theorem 1[3]: 
     Consider n* order linear filter F(n*<n: n=model order) 
:  
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there exists an n* order filter F to solve the  
γ -suboptimal H∞ filtering problem iff there exist matrices 
X and Y(0<X≤Y) such that the following conditions are 
satisfied 
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rank (X-Y ) ≤ n*                                                       (16)                                                        
 
and all -suboptimal n* order filter F that corresponds to 
a feasible matrix pair (X,Y) are given by  

γ
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where  and are free matrix parameters subject to 
(10), (11) and (12). 

R,Φ L

 
As we can see, (14) and (15) are uncertainty parameter-α  
dependent matrix form thus it is nonlinear matix 
inequality. 
Also, (16) is nonconvex rank constraint.  
To linearize (14), projection lemma and inverse projection 
lemma are used[4]. 

 
 
3. Discussion 
 
       From the above preliminary result , we can know that 
in the case of robust and reduced order H∞ filtering with 
polytopic model uncertainty, it is formulated as 
nonconvex nonlinear MI setting. It means that the 
expected tackling strategy  will be more complex and 
difficult  than convex LMI problem. Also we can assume 
that due to nonconvex formulation, the global solution 
cannot be found easily.  
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1. Introduction 
 
   According to [1], the material handling cost comprises 
about 20-50% of the total operating cost of the facility 
layout. Typical research on facility layout concentrate on 
static layout problems where from-to charts are used to 
evaluate the layout. These layouts are not flexible enough 
to accommodate any future changes in production. 
Research on dynamic facility layout also has used the 
concept of static from-to chart. A more efficient method 
of modifying the layout is to perform rearrangement 
whenever there are changes in production rates or product 
mix. This necessitates a development of methodology that 
exactly reflects these uncertainties. This paper introduces 
the concept of dynamic from-between chart to determine 
the layout redesign points. An algorithm that minimizes 
the total cost of material handling and redesign has also 
been developed. A genetic algorithm approach is then 
used to validate the use of dynamic from-between chart. 
Effectiveness of the developed methodology is illustrated 
using a case study that resulted in a consistently improved 
performance compared to traditional methods in terms of 
cost.   
 
2. Experiment, Results, Discussion and Significance 
 
   The Dynamic from-between chart is generated based 
on process plan and expected production rates. As the 
production demands are continuously changing, the 
demand data along with the process plan can be used to 
develop a dynamic from-between chart. Let fr(t) represent 
the product demand function for product ‘r’ for time 
period ranging from time t = 0 to t = ‘T’. The function gij 
(t) for the dynamic flow between any two facility 
locations ‘i’ and ‘j’ is given by the summation of flows 
between ‘i’ and ‘j’ for all products from 1 to M. 
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   The dynamic from-between chart is a plot of all g ij (t) 
with respect to time‘t’, where i can have values from 1 to 
N-1 facilities and j from i+1 to N. Xijr is a binary number 
which has a value 1 when there is flow between facilities 
‘i’ and ‘j’ for product r. The general equation that 

determines the cost Z of the layout, when no redesign is 
performed is given by: 
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Where, Dij – the distance between facilities ‘i’ and ‘j’ 
   C – Cost of material handling/unit distance 
 
   The objective function requires the minimization of 
‘Z’, the total cost. If ‘m-1’ numbers of redesigns are 
performed at periods t1, t2, t3, t4…tm-1, then three cost 
components have to be considered. The first component 
is the cost of material handling for each period. The 
second component is the fixed cost associated with the 
dismantling and movement of the departments. The third 
component is the variable cost associated with 
departments which depends on the distance and difficulty 
to move each department. Let Px = {t0, t1, t2, t3…tm-1, 
tm=T}, the set of time intervals at which redesign is 
performed. Where, tm=T = end of planning horizon. Thus 
number of redesigns, P0 = t0, P1 = t1…Pm = tm-1 = T. The 
sum of the costs of material handling for each period is 
given by:  
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   Let D = {D0, D1, D2… Dm} represent the set of layout 
designs corresponding to each period. D0 represents the 
current layout and Dm represents the layout corresponding 
to the last period. Then the fixed cost of rearrangement is 
given by: 
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   The variable rearrangement cost is given by the 
summation of the variable costs for transition from one 
period to the next period. The variable costs depend on 
the distance through which the departments are moved 
during each redesign. 
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   For a problem with ‘N’ departments/locations, the 
variable cost for transition from period ‘k’ to ‘k+1’ is 
given by: 
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Dk,k+1,X represents the distance between centroids of 
department ‘X’ (ranges from 1…N) in period k and k+1. 
C1 = Cost of moving Department X from k to k+1 
Thus, the total cost of material handling for the entire 
period is given by: 
 
Z = M + F + V      (7) 
 
Case Study 
 
   For demonstrating the development of the dynamic 
from-between chart a case study of eight products, nine 
departments, and 20 periods is used. For this case study 
all departments are considered to be equal sized (40 x 50). 
Equations for product Demand is as follows: 
 

73.748.4t 102.38t-6.6t0.136t- 234)( +++=atf   (8) 

…………………………………………… 
74.93132.9t30.2t-2.9t0.077t- 234)( +++=htf   (9) 

 
Table1: Process Sequence 

A 1--3--5--7--8--9--2 
B 2--4--6--7--1--9 
C 4--7--8--2--5--6 
D 6--9--3--2--1--4--8 
E 8--6--4--1--3--2 
F 1--6--7--9--2--4--3 
G 2--5--7--6--1--3--4 
H 3--6--7--8--1 

 
   Based on the product demand and the process 
sequence (Table 1), a plot of the dynamic from-to charts 
is developed (Figure 1). Currently, the redesign points are 
clustered as groups and the first redesign point of each 
cluster is used for redesign analysis. A recursive genetic 
algorithm is used to determine the best layout for each 
period.  
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Figure 1. Dynamic From-To Chart 
 
   The cost associated with each approach is shown in 
Table 2. Based on the case study conducted, it is revealed 
that the dynamic from-between chart approach to select 
redesign points yields improved solutions compared to 
the traditional approaches. 

 
Table 2: Comparison of Costs 

 Forward Backward Redesign at Single Optimal
 Approach Approach every 4  Layout for 
 Proposed Proposed quarters 20 periods 
Total Cost 329339043 329283924 329442067 338542522 
Savings 9203479 9258598 9100455  

 
3. Conclusions 
 
   This paper has presented a new approach to the 
solution of dynamic facility design problems. The 
approach models the product demand function as a 
continuous one and uses the information to develop a 
dynamic from-between chart. The relative changes in the 
values of from-between chart are utilized to determine the 
redesign points. Once the redesign points are determined 
a forward GA approach is utilized to establish the optimal 
designs for each redesign period.  Based on the case 
study, it is revealed that the proposed approach is 
superior to other existing approaches. Future research 
involves developing an algorithmic approach to the 
selection of redesign points. We are also investigating 
methods by which the impact of material-handling 
devices on the possible redesign of layouts can be 
determined. 
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1.  Introduction 
 
       As more Asian products advertise internationally, it is worthwhile to examine one of these products and see how it is doing 
on a global stage. Tiger Beer, which ranked second in brand strength at the Singapore Brand Award 2003, is studied for this 
research. Tiger Beer publishes two versions of their product web site: one version caters to Asian countries, and the other to 
non-Asian countries. More specifically, I am interested to examine the cultural elements that are on the product web site to find 
out if the culture of the country of the origin is presented accurately to the international audience.  
 
2.  Experiments, Results, Discussion and Significance 
 
       Four cultural elements (language, visual elements, music and the links on the home page) in both versions of the web site’s 
home page are examined to focus my research and qualitative content analysis was used to compare them.  
 
       The Singapore web site for Tiger Beer is in English. All navigational tools and information were written in English. 
Singapore’s web site has a blue background on its home page; users are randomly assigned to any of its four “places” – the 
verandah, bar, club, or lounge. No matter which “place” users are assigned to, similar visual composition is shown. People are 
shown enjoying time with friends in relaxed atmospheres. The models shown are young, well-heeled, trendy and professionals, 
portrayed as having a good time dancing, chatting with friends, or “chilling out” with a bottle of Tiger Beer. Colors are bold 
and vivid; the style is hip and chic. Loud dance music with strong beat blasts from the web site as one views the page. It is the 
same genre of music that one expects to hear when stepping into a dance club. The following are main links that are found on 
Singapore‘s Tiger Beer web site: The Bar, The Club, The Lounge, The Verandah. There are also small icons at the bottom of 
the page where users can click to go to any of the following links: Leisure, Promotions, New!, Get a Tiger, My Tiger Beer, 
Recommend or Sign up. 
 
       For the United States (U.S.) web site, there was a mix of English as well as Mandarin used. English was used for 
navigating and presenting information within the web site. But each English word link found at the top of the home page was 
accompanied by a Mandarin word with parallel meaning. Right in the center of the home page, a circle of Mandarin characters 
rotates in a 3-dimensional sphere unaccompanied by English translations. They are the same as the Mandarin characters shown 
at the top of the page and function navigational guide to other content pages in the web site. For users with no background in 
Mandarin, they may have to compare the characters with those that have English translations at the top of the page to 
understand the meaning. The background of the U.S. web site is made up of Tiger Beer’s logo intricately intertwined. It looks 
like a mosaic of logos elaborately linked, like designs on oriental rugs. Users are also directed to different “places” which are 
framed by a rectangular box that resembles a television screen, complete with volume control. Users who load the U.S. site are 
randomly assigned to any of the following “places”: a market place with old Asian architecture; a street scene with an urban 
landscape that has billboards with neon lights and Chinese words; or a garden with traditional Chinese architecture in the 
foreground. All these “places” are outdoors and composed using computer graphics, giving it a surreal atmosphere. None one of 
these “places” includes real human figures. The colors used are dull and faded, like a scene on television about a long forgotten 
era. However, the color red, an auspicious and commonly used color in the Chinese culture stands out. Chinese characters are 
used prominently on the U.S. site. Since most of the users for the U.S. site do not know Mandarin, the use of these characters is 
more symbolic than as a practical tool. The style of the web site is oriental and exotic. Cultural artifacts of the Asian culture are 
scattered throughout the web site. Users are “transported” to places in the Far East when they view this site. No music is played 
in the background as users view the page. But while the page is loading, a five note refrain is repeatedly played using 
percussion instrument and it sounds very much like Gamelan music. Once the page has loaded, the music stops. But when users 
roll the mouse over the Chinese characters on the center of the web page, a single note sound from a percussion instrument is 
produced. The following are main links that are found on the U.S. Tiger Beer web site: History, Culture, News, Places, Play, 
and Contact. An interesting link  is where users can get their “East West” horoscope reading which is a combination of Chinese 
astrology and western horoscope. 
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       For the Singapore web site, the use of English is appropriate and reflects the brand’s country of origin, Singapore, because 
Singapore is a society that has different races and English is the language that is used primarily for communication among 
Singaporeans. For the U.S.’s web site, Chinese characters are used prominently throughout the web site to reinforce the idea 
that the product is exotic. Users may not be able to understand the denotative meanings of the Chinese characters; however, 
they will recognize that the characters belong to a culture in Asia. The Singapore’s web site features real “places” and real 
“people”, having a good time. The United States’ web site uses computer-generated pictures of places in a forgotten era, with 
no human figure featured in the web site.  
 
       The Singapore’s web site uses visuals that are consistent with the Singapore culture to appeal to their targeted audience; the 
U.S web site intrigues their audience with scenes and tales from the “mythical orient”. 
   
       The volume of the dance beat helped create the image of trendy dance spots in Singapore’s web site. The web site is 
imitates this façade of clubbing by blasting loud music. The U.S. web site plays soothing, Zen-like tunes while loading. After 
loading, single note sound that evokes imagery of monks praying in temples in Asia is played when users move their cursors 
over the Chinese characters. The music is typically Asian, and users will be able to identify that because of the meditative mood 
of the music which is distinctive of Asian religions. 
 
       The main links on Singapore’s web site denote places that one can go to in reality to enjoy a Tiger Beer. The links are 
cleverly named to reinforce the idea that Tiger Beer is enjoyed in places where people go to socialize and relax. The smaller 
links focus on positive and fun themes that appeal to the target market. By echoing the themes in young people’s lives, Tiger 
Beer tells their target market by saying “this beer is for you”. The links on the U.S. web site does not seek to build congruency 
with the lives lived by their targeted consumers. The links provide information about Asia such as history, culture and news. 
There was no mention that Tiger Beer was from Singapore. Perhaps there was a concern that Singapore is not “exotic” enough 
given that Singapore is a cosmopolitan city. By emphasizing that Tiger beer is from a faraway land with fascinating culture, 
history and places, the brand is differentiating itself from other beers.  
 
       From my findings, it was clear that the brand presents itself differently to the Asian audience, and the Western audience. In 
its home region, the Beer is promoted as a hip and trendy drink for the young and trendy. In its export markets, the Beer is sold 
as an exotic, oriental, alcohol beverage which is steeped in Asian tradition. The juxtaposition of the Beer’s marketing strategies 
bring to mind one glaring question: What is Tiger Beer? 
 
       One very important element found in this study is that advertisers have to recognize that cater to different audience on the 
web, the unique characteristic of the Web counters that effort. A user can simultaneously access all the various web sites. 
Therefore, is it really necessary to have separate web sites base on nationality for online advertising? It not only is ineffective as 
a marketing tool, it also promotes segregation base on regions and racial identity for consumers. 
 
       The web site for Tiger Beer’s home and regional market is accurate in portraying the image of Singapore. But the web site 
for the international audience is far from depicting the truth about Tiger Beer’s “origin”. By influencing the perception of an 
international audience’s image of Asia, the web site has misrepresented the “Other”. 
 
       One possible detrimental effect to society of playing up stereotypical images of Asia is the fostering of prejudice towards 
the region. One concern is that repeat exposure on the web will foster stereotypical images of Asia will increases discrimination 
and prejudice.  
 
3. Conclusions 
 
       As Asia presents her goods to the world, it is critical that we sell products and not our culture or integrity. We should 
heighten our awareness of advertisements’ role in shaping society and encourage the proliferation of literature on this subject so 
that societies can avoid falsely branding themselves unwittingly. 
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Abstract  In conventional pipelined circuits there is only 
one datawave active in any pipeline stage at any time; 
therefore, the clock speed of the circuit is limited by the 
maximum stage delay in the circuit. In wave pipelining, 
the clock speed depends mostly on the difference between 
the longest and shortest path delays. In some circuit 
designs there are redundant elements to make the circuit 
less sensitive to noise, to provide higher signal driving 
capability, or other purposes. Also, some circuit designs 
include logic to detect the early completion of a 
computation, or to guarantee that the worst physical path 
delay does not equate to the worst computational delay. 
Prior tools for wave-pipelined circuits do not account for 
such design features. This research develops a computer-
aided design tool to determine the maximum clock speed 
for wave-pipelined circuits with redundant logic or where 
otherwise the internal circuit timing depends on the input 
signal values. 
 
1.  Introduction 

 
       Wave pipelining is an innovative design alternative to 
conventional pipelines—first proposed by Cotton [1], 
who called it maximum rate pipelining. In conventional 
pipelined circuits, the clock speed of the circuit is limited 
by the maximum stage delay in the circuit. Cotton 
observed that the rate at which a datawave can propagate 
through the circuit depends mostly on the difference 
between the longest and the shortest path delays. This 
result is a consequence of the fact that multiple datawaves 
can propagate from the primary inputs to the primary 
outputs of the circuit simultaneously, increasing the 
throughput, without the use of intermediate registers (see 
Fig. 1 and Fig. 2.).  
 
       The industry is faced with some hurdles to make this 
a practical design technique: retiming the circuit to 
decrease the difference between maximum and minimum 
delay times [2] [3], increasing the fault tolerance of the 
circuit and making it less sensitive to noise [4], delay 
buffer design, developing synthesis techniques and 
computer-aided design tools for wave pipelining [5], etc.  

 
 
    Fig. 1.  A random circuit showing data bits with different speeds 

 

 
 
Fig. 2. Spatial diagram for wave pipelining showing delay contours 
 
       Using the timing model presented in [2], the spread of 
signals traveling along the longest and the shortest paths 
through the logic block can be approximated as delay 
contours, shown in Fig. 2. Each signal’s timing is uncertain, 
and there is also some skew in the timing between different 
signals (data skew). As a consequence of this model, clock 
speed in wave pipelining was formulated as [5], 

CKHSMINMAXCK TTDDT ∆+++−> 2)()(  (1) 
 
       However, this is not a completely sufficient 
requirement. Consider a conventional pipeline. The portion 
of Eq. (1), TS+TH, corresponds to the time that a flip-flop in 
a conventional pipeline must be exclusively used by one bit 
of data. The portion of Eq. (1), 2∆CK, corresponds to the 
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uncertainty for the clock arriving at the flip-flops (clock 
skew). The portion, DMAX-DMIN would be just DMAX in a 
conventional pipeline; however there would be a separate 
condition requiring DMIN>TS+TH+2∆CK. That additional 
constraint on DMIN is to satisfy the exclusion requirement 
at the flip-flops. 
 
       In a wave pipelined circuit, all devices in the circuit 
must satisfy the exclusion requirement. In prior design 
tools, the operational model of devices was simplified so 
that the timing uncertainty of signals could only increase 
as the signal propagated through the circuit. More precise 
delay models reveal that signal uncertainty can fluctuate 
as it progresses through the circuit. Our tool analyzes this 
accurately. This fluctuation is why we require that Eq. (1) 
apply to all devices in the wave-pipelined circuit. 

 
2.  Analysis and Delay Variations  

 
       A main task of the research is how to completely 
characterize the delay variations, noting that wave 
pipeline performance is mostly determined by the 
difference of path delays in a circuit. Future development 
of this research will include buffer insertion and Boolean 
expression synthesis. 
 
       For a CMOS gate, there will be different delay values 
for different input combinations. For example, consider a 
2-input NOR Gate;- when both inputs are set to logic 0, it 
will pull up by switching on two serially-connected 
PMOS transistors, and we will get a time constant of 
2RmosCload.- when both inputs are made logic 1 values, it 
will pull down by switching on both of the two parallel 
NMOS transistors and the time constant will be 
0.5RmosCload in this case.  
 
       Thus, when calculating minimum and maximum 
delays, we need to take into account the fact that delay 
varies conspicuously depending on the input values to 
each device. We illustrate this using the simulation 
software we have developed and for the example Boolean 
expression in Eq. (2) implemented in two-level NAND-
NAND logic. 
 

cdbcacabdcbay +++= '),,,(   (2) 
 
       Setting RmosCload to 60 time units, the shortest and 
longest paths through the circuit have delays 45 and 420. 
However, these delays never occur, because it is not 
possible to set the inputs to all logic devices to values 
where they all operate at their slowest or fastest. Our 
simulator calculates that this implementation of this 
function has DMIN=140 and DMAX=360.  One way to get 
delay DMIN is when the input vector <a,b,c,d> switches 
from <0,0,0,1> to <1,1,1,1>. 

       Since we care mostly about the values for DMAX - DMIN 
rather than just DMAX, it is possible to invent new logic 
design techniques that possibly increase DMAX but reduce the 
difference. A novel design technique that we plan to 
investigate further is the partitioning of input spaces and the 
use of majority logic calculations. The Boolean expressions 
in Eq. (3) illustrate the technique. 
 

dacdcbay +=)|,,,(    (3.1) 
cbdcdcbay +=+ )'|,,,(    (3.2) 

')''|,,,( bcacdcdcbay +=+   (3.3) 
 
       There are three regions to the input space: c’, cd, and 
cd’. Each of the three subsidiary functions is correct in two 
of the three regions. In fact, we could reduce the third 
function to just bc’ since the chosen functions for the other 
two spaces are accidentally both correct over a larger 
portion of the input space. In each region, at least two of the 
three functions equal y. Therefore, the inputs to the majority 
gate are a+d, b+c, and ac+bc’ and the majority gate output 
is y. 
 
       Our simulator calculated DMIN as 140 and DMAX as 270 
over all pairs of consecutive input vectors. The results show 
there is a potential improvement in DMAX - DMIN from 220 to 
130. Although DMAX and DMIN values are larger in the 
majority-based design, the technique improves throughput 
when the circuit is operated as a wave pipeline. 
 
3.  Conclusion 
 
       The main goal of this research was developing a 
computer-aided design tool to determine the delay variations 
for wave-pipelined circuits with redundant logic or where 
otherwise the internal circuit timing depends on the input 
signal values. We also mentioned an alternative design 
technique that increases the performance of wave-pipelined 
circuits. 
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1. Introduction 
 
       In rate distortion theory, the rate R is usually 
explained as the number of bits per data sample to be 
stored or transmitted. The distortion D can be defined as 
the mean squared error (MSE) in case of image and video, 
but in generic terms, it is defined as the variance of the 
difference between input and output signal. A rate 
distortion function R (D) is the infimum of rates R such 
that (R, D) is in the rate distortion region of the source for 
a given D. 
        
       Wireless sensor networks are one of the fastest 
emerging technologies. The wireless sensors come in 
compact size, low-power and are inexpensive, which are 
programmed to perform a specific operation like the 
micro-controllers. The sensors are used for applications 
such as seismic measurement, video surveillance, 
measurement of temperature, pressure etc. A sensor 
system is composed of less-complex spatially separated 
sensor nodes, sending compressed, correlated information 
to a central processor. Example of such a system is shown 
in Fig.1. S[n] is a sequence of i.i.d. Gaussian random 
variables with variance σ s

2
, and {Wk[n]}k=1 M  is a 

sequence of i.i.d Gaussian random variables N (0, σ w
2 ) 

also called as observation noise. M sensors {Fk[n]}k=1 M 

with power P receive {Uk[n]}k=1 M  as input, which is the 
corrupted version of the source  due to observation noise, 
and outputs a sequence {Xk[n]}M

k=1. Thus obtained 
encoded data is summed up at the multi-access channel 
[1]. Channel noise Z[n] is added to the signal to obtain 
Y[n]. Using Y[n], the decoder G estimates the original 
source ( ).  Ŝ
   
       In this paper we investigate progressive and multiple 
descriptor coding methods for encoding image and video 
over wireless sensor networks. The performance of the 
video coding methods is compared with that of theoretical 
limits for encoding distributed correlated sources. The 
image and video coding experiments discussed in this 
paper are aimed at analyzing the achievable rate-
distortion regions in encoding correlated sources over 
wireless sensor networks. We investigate tradeoff 
between rate and distortion using discrete wavelet 
transform (DWT) based methods in a wireless sensor 
network for a distributed video coding, assuming that the 
channel conditions are ideal. 
    

2. Related Work  
 
       Distributed source coding (DSC) refers to 
compression of multiple correlated sensor outputs that do 
not communicate with each other and send the 
compressed output to a central node. Considering the 
compression is lossless, for {Xi, Yi}∞i=0  i.i.d random 
variables for the input, the results by Slepian and Wolf in 
their previous paper, [2] have proved that a combined rate 
of H(X,Y) is sufficient even if the correlated signals are 
encoded separately. According to the Slepian-Wolf 
coding theorem, the achievable rate region for distributed 
sources X and Y is given by 
 
R1≥ H(X|Y);   R2 ≥  H(Y|X);   
and                  R1+R2 ≥ H(X,Y)                             (1)                           
 
Where R1 and R2 are the rates corresponding to the 
sources X and Y respectively. Slepian-Wolf coding is 
used for lossless compression. Wyner-Ziv [3] proposed a 
model for lossy compression. Good channel codes like 
turbo codes and LDPC can be used to achieve the Wyner-
Ziv limits and Slepian-Wolf limits. 
 
       The rate distortion tradeoff is discussed in [4] along 
with a coding paradigm proposed by them. They tried to 
determine minimum distortion for a fixed power MP in 
the sensor network. The distortions according to the 
separation scheme are compared to their paradigm and 
have proved that their scheme performs better. The source 
S which undergoes distortion due to observation noise is 
encoded by M sensors and transmitted. This is decoded by 
a decoder, and from the output of the decoder, the 
reconstructed value of the source  is estimated. The 
total power utilized is considered to be MP for the entire 
network.  Similar problem is discussed in [5], as a CEO 
problem. The maximum sum rate R

Ŝ

tot is upper bounded by 
the following equation. Where  
 
Rtot= R1+R2+…..+RM.   

ztot PMR 22 /1(2log σ+≤ )                          (2)                            
 
σ z

2
 refers to the variance of an i.i.d additive 

Gaussian noise added to the decoded sequence. 
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3. Experimental model 
 
       Assuming the channel to be ideal, and disregarding 
the observation noise, the experiments were conducted. In 
this scenario, a cluster of sensor nodes F1,..FM are 
equipped with cameras which take the snapshots at 
regular intervals for surveillance. For simplicity assume 
that all the sensors are gathering the information from the 
same source. Every sensor receives Uk as input, modifies 
the data and gives Xk as the output. In this setup, the 
sensors are assumed to be capable of computing DWT to 
convert the input image in spatial domain to wavelet 
domain and transmit as desired for source coding. It is 
computationally efficient and beneficial to have the 
sensors send only the important data than sending the 
entire image data. 
 
       All the sensors have the entire source data and are 
capable of applying four levels of wavelet transforms to 
the original snapshot image. Since the number of sensors 
M=4, the images now at the sensors are decomposed into 
four levels containing high pass and low pass wavelet 
coefficients. Sensors F1 to F4 transmit signals X1 to X4 
with rates R1 to R4, and the variance σ 1

2 toσ 4
2 

respectively. Multi access channel is assumed here. The 
signals X1 to X4 are added to yield Y which gives the 
estimated version of the original source S  at the decoder 
G. The source variance is 

ˆ
σ S

2.  The variance of the 
estimated version of source is . The distortion 
measure is defined as the mean squared error between the 
original source S and the reconstructed source . 

ŝ
2σ

Ŝ
 
       The total power used on the network is reduced if 
sensors to decide on which sensor should transmit 

depending on the channel quality and factors like 
priority of the data and energy constraints. However  
will suffer degradation due to the channel noise and will 
introduce distortion. This can however be overcome by 
using redundancy or side information at the decoder. 

Ŝ
Ŝ

 
4. Results 
 
       Table I shows the results obtained from the 
experiments conducted on two of the images.   Variances 
varij are computed on the wavelet coefficients for 
different images. Where i and j ranges from 1 to 4. For 
j=2, 3, 4; varij refers to the variance of the corresponding 
sub-band. When j=1, varij is called as variance for 
approximation sub-band. While i refers to the level 
(scale). These variances may vary from image to image 
due to the distribution of the  intensities in the image. 
Variances for the entire image in transform domain and 
spatial domain are also shown in the table. 
 

5. Conclusions 
  
       Rate-distortion variation is studied and observed with 
experiments on different images. It can be noticed that for 
a video or an image transmission, it is always better to de-
correlate the data signal using transforms before 
transmission. Reconstruction of the image can be done 
even with fewer wavelet coefficients transmitted by the 
sensors. In this work, channel has been considered to be 
ideal. In practical terms, channel properties can be 
modeled to study the rate-distortion region for video 
coding in a sensor network. 
 
 

 
 
Fig.1Example for a sensor network in a distributed source 
coding. 
 
 

 
 
Table I: Variances of different images in wavelet domain 
for different sub bands and varying scales.  
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1. Introduction 
 
       Currently long-term care facilities for the elderly are aligning themselves behind a cause which has come to be known as a 
“culture change”.  This culture change has, as one of several established goals, the objective of making long-term care facilities 
more like homes, and less like institutions.  Our research was aimed at identifying a relationship between three characteristics 
thought to be of value in more home-like care facilities, and the Interpersonal Cognitive Complexity (ICC) of nursing students 
exhibiting such characteristics.  Three characteristics important in home-like caregiving situations were: (1) more extensive 
person perception, (2) less extreme peer  judgments, and (3) more balanced descriptions of others.  ICC is a way of looking at, 
or talking about, the number of internal constructs one has available to process information associated with the description and 
perception of others. 
 A linear relationship was hypothesized between ICC and each of the three characteristics.  Specifically, we expected: 
(1) that those higher in ICC would demonstrate more perception of detail on a video-based person-perception task; (2) that as 
ICC of participants increased the characteristics listed to describe others would be less extreme; and (3) that participants with 
higher ICC would demonstrate having more balanced (in terms of the number of characteristics listed) descriptions of peers, 
regardless of whether the participant liked or disliked the peer being described.  
 
2. Experiment 
 
Participants   
Female (n=33) and male (n=7) nursing students from one first-year nursing class participated in the study for course credit.  
Ten class members chose not to participate.  Participants were between 20 and 51 (M= 29.5, SD= 8.6) years old and 95% had 
completed at least their sophomore year in college.  The population was largely Caucasian (80%), with relatively few 
participants identifying themselves as Asian (7.5%), Hispanic (5%) African American (5%), and “Other” (2.5%). 
 
Materials 
       RCQ.  ICC was operationalized within the study as score on the abridged version of the Role Category Questionnaire [1] 
which has been shown to be as effective and less obtrusive compared to it’s predecessor [2].  The version used here consists 
basically of asking participants to generate names of two peers they know, one the participant likes, and one that the participant 
doesn’t like, and then listing characteristics to describe each.  It is thought that the number of characteristics a person lists is in 
some way reflective of the number of constructs that person has available to describe and characterize others. 
       Entry unitizing.  In order to ensured a uniform interpretation of all entries, all participants’ completed RCQ forms were 
typed (exactly as written) by a research assistant.  This work was supervised by a researcher.   
       Codebooks.  Crockett’s [2] codebook for the RCQ served as the basis for our own RCQ codebook which governed all 
scoring decisions.  Our RCQ codebook developed as the coding unfolded.  In the end, the codebook consisted of a set of rules 
for counting a characteristic as construct (score of 1) or not (a score of 0) with each rule followed by a list of  clarifying 
examples complete with explanations.  A second codebook was created to outline the rules for counting the listed constructs as 
either “positive” or “negative” as this data was needed for the extremity of judgment hypothesis. 
       Coders.  Four female Wichita State University undergraduate Psychology students coded responses to the RCQ for course 
credit.  Inter-rater reliability among coders ranged from .95-.97 for all coding tasks. 
       Videotaped biography.  A 15-minute videotaped biography of a man named Carl was created in collaboration with the 
Cramer Reed Center for Successful Aging, Larksfield Place.  The video is a condensed version of a 45 minute interview with 
Carl featuring brief stories about his childhood, career, marriage, hobbies, and retirement years. 
 
Procedures 
       Time I.  Nursing students were administered the RCQ in their regular classroom at the beginning of class.  Over the course 
of the next two weeks, coders scored the entries in accordance with the RCQ codebook, ultimately categorizing participants as 
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either high (above median) or low (below median) in ICC.  Two groups of equal size were created, each containing an equal 
number of participants high and low in ICC. 
       Time II.  Two weeks after our initial visit, researchers returned to the nursing students’ classroom and announced the two 
groups.  Students participating in the research were led into a nearby classroom where they watched the videotaped biography 
of Carl along with the group to which they had been was assigned and one researcher.  Following the video presentation, 
participants were asked to describe Carl on a form modeled after the RCQ form. 
 
3. Results 
 
       Person Perception.  Here we predicted that a positive correlation would exist between participants’ RCQ scores and the 
mean number of constructs participants used to describe Carl following presentation of the video biography.  A significant 
positive correlation was found between participants’ RCQ scores and the mean number of constructs used to describe Carl  r 
(37) = .58 , p<.01. 
       Extremity of Peer Judgments.  In this case we predicted that the group mean of the variable representing extremity of 
judgment would correlate positively with participants’ mean RCQ score. A non-significant positive correlation was found 
between RCQ score and the extremity of judgment variable r (40) = .28, p=.84. 
       Balance of Peer Descriptions.  In addressing the third hypothesis, we predicted that a variable created to represent the ratio 
of constructs listed for liked vs. disliked peers would correlate positively with participants’ RCQ scores.  A significant positive 
correlation was found between these two variables r (40) =.32, p<.05. 
 
4. Discussion 

 
       Two findings of the current research were of particular interest.    First, there was a strong association between one’s 
interpersonal cognitive complexity and his or her complexity of performance on a person perception task (i.e. how thoroughly 
he or she described Carl, the subject of the video biography).  Secondly, there was a linear relationship between interpersonal 
cognitive complexity and the ratio of characteristics listed for a liked, and a disliked, peer.  To clarify, the higher a person’s 
overall interpersonal cognitive complexity, the more likely it was that the person used as many constructs to describe a disliked 
peer as to describe a liked peer.  In contrast, a person with very low interpersonal cognitive complexity was more likely to list a 
greater number of descriptors for a liked, as opposed to a disliked peer.  This expands our current understanding that generally 
everyone describes those we like in more detail than those we don’t like [1]. 
 
5. Conclusions 
 
       These results lend support to a growing body of literature suggesting that caregivers with more ICC are likely to also 
display characteristics which are more desirable for caregivers.  This suggests that the RCQ might find utility as a screening 
tool, and as an outcome or evaluation measure for nursing homes undergoing the current culture change. 
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1. Introduction 
 
       Ad hoc networks are infrastructure-less wireless networks, which are formed on the fly. There are different types of ad hoc 
networks of which sensor network is one of them. A typical sensor network consists of thousands of highly resource 
constrained sensor nodes. The self-organizing nature of these networks makes them very effective in security sensitive 
applications such as health, target surveillance, military, disaster recovery programs and personal area networks amongst the 
others. Similar to traditional networks, these networks are also pruned to various kinds of security threats. Security 
infrastructure for these networks should to be built in such a way that it provides low complexity, simplicity of implementation 
and allow the nodes to undergo a secure communication without having to frequently access a central trusted authority. 
      
       In the proposed scheme, key pre-distribution technique is followed, where in a trusted authority, prior to the deployment 
phase distributes certain number of key shares to every node in the network. The resiliency of the network to node captures is 
increased by storing only partial key shares of other nodes in each node’s key ring. This means that to compromise any one full 
key, it is required to compromise q distinct shares of that particular key. The message is passed over the communication links 
securely by encrypting it with a series of partial shares of the symmetric decryption key held by the destination node. One 
simple way to implement this is to use XOR operation. Suppose a full key is obtained from the XOR operation of several partial 
keys then the message encrypted with the all those partial keys will be equivalent to message encrypted with the full key. This 
is one type of logic that can be applied for dividing a key in to partial shares.  
 
2. Related work 
 
       In general, according to [1], key management schemes are broadly classified in to four different categories based on the 
type of cryptography employed in securing the keys required for communication and whether they rely on centralized or 
decentralized method to distribute the keys securely over the network.  
 
       Centralized asymmetric approach is a very direct solution for key management in networks, where in a central certificate 
authority is employed to issue a certificate by signing the public key of the individual nodes. This type of key management 
service is usually employed in traditional wired or wireless networks. To avoid the problem of single point of failure, Zhou and 
Hass [2] proposed a decentralized asymmetric method, where in the CA’s service is distributed to a set of specialized nodes as 
in partially distributed scheme or to all the nodes in the network as in fully distributed scheme. These schemes are based on (k, 
n) threshold cryptography where the power to recreate the CA’s private key is distributed among n nodes. Since the schemes 
use asymmetric cryptography, it is not feasible to use them on resource constraint sensor nodes. In sensor networks, based on 
hierarchical architecture, some of the deployed nodes are usually made slightly powerful and capable to control and monitor 
other sensor nodes in the network. These high-energy sensor nodes are called cluster heads (CH). Many security protocols [3] 
proposed in recent years use symmetric cryptography in centralized fashion. Recently Eschenauer and Gligor [4] have proposed 
a random pre-distribution scheme for Distributed Sensor Networks based on probabilistic key sharing. Each node is pre-
initialized with a random subset of m keys (O (m) << O (n2)). Based on the key pre-distribution technique Chan [5] proposed 
three new mechanisms namely q-composite scheme, multi-path key reinforcement scheme and random pair-wise key pre-
distribution scheme. In these schemes the keys stored in the nodes are the actual secret keys that are used to secure 
communications between them.  
 
3. Proposed Key Management scheme 
 
       The proposed key management scheme is based on key pre-distribution technique. Let S specify a set of keys (K1, K2, 
K3..... KN) present in a large key pool of size N. Further each key in the key pool is again divided into multiple shares such as 
K11, K12, K13.....K21, K22, K23...... K31, K32, K33..... and so on. In general the entire key set U can be written as Kij where i = 1 
to n and j = 1 to q. The assignment of keys is done in a predefined fashion by a trusted authority. Each node is given one 
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distinct full symmetric key called the decryption key from the sets S that is used to decrypt the incoming messages and some 
partial shares of other nodes’ decryption keys. Each key in the set S and U is assigned a key identifier prior to the deployment 
phase. The keys are stored in every node’s key ring along with their key identifiers. When two nodes are required to undergo 
secure communication, the source node will obtain representation of the destination node’s decryption key with the help of key 
identifiers. The source node can check in its key ring to determine whether it holds a partial key for the destination node. If so, 
the source node encrypts the message and sends it through a set of intermediate nodes. The message is encrypted in each 
intermediate node using the partial keys stored in them for the destination node. After the message has passed through all 
intermediate nodes, the final encrypted message will be equivalent to the message encrypted with the destination node’s 
symmetric decryption key. Finally when the message reaches the destination node, it is decrypted using the destination node’s 
full decryption key. 

 
4. Analysis 
 
       Let us consider that each of the decryption keys is divided into q shares. For each node to be able to reach all other nodes in 
the network, q is the minimum number of shares required to be stored in every node’s key ring. To increase the network reach 
ability in case of node failures or due to nodes falling out of transmission range, each node is also given r redundant shares. 
However, the shares stored in every node is distinct i.e. no node stores more than one share of the same key. The value of r 
varies according to the number of nodes in the network. If the network is large, the value of r should be chosen in such a way 
that it suffices the required network reach ability. 
 
Distribution of key shares: Let each key in the key pool S be divided into q shares and if there are n number of nodes in the 
network, the total number of shares obtained is q×n. The share distribution is done in such a way that the nodes will not get any 
shares of their own decryption key. Each node in the network is given q distinct shares from the other nodes’ decryption key. 
This is given by:  
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First term gives the number of ways q distinct key shares can be selected for any one node from the remaining n − 1 nodes’ 
decryption keys. Second term represents the number of ways q distinct key shares can be selected for the next node from the 
remaining n − 1 nodes leaving the q distinct shares that have already been selected. Similarly, the successive terms represents 
the numbers of ways the key allocation is done for the remaining nodes in the network.  
 
To give r redundant shares: The r redundant shares are given to each node from the other nodes’ decryption keys such that a 
node will not get the same key shares that has in its key ring. If m is the number of key shares stored in a node’s key ring and q 
is number of distinct key shares it holds then the number of redundant shares r = m − q. The number of ways to give r 
redundant shares is: 
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5. Observations  
     
       If the shares in all the nodes are distinct then the attacker has to capture at least q nodes to capture some x full keys, where 
x varies from zero to maximum of q. With the redundant shares the attacker’s probability of compromise increases because 
he/she can compromise some full keys by compromising nodes less than q depending on the value of r (redundant shares). On 
the other hand giving redundant shares will increase the network reach ability. Hence the value of r should be chosen such that 
it provides a good trade off between network reach ability and security.  
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1.  Introduction 
 

        Supply chain management has become increasingly important as more and more companies outsource work to suppliers. 
Why is high performance of suppliers becoming such an important issue to customer companies? This is because a company’s 
supplier base is an important variable that determines the success of the customer company. “In a number of organizations, cost 
effective supply chain is a matter of survival as purchased goods and services account for up to 80% of sales revenue, whilst in 
the public sector there is a ever-increasing demand for savings in the procurement process” [1]. 
 
       If the supplier is not able to meet the demands of the customer, the customer has three options: 1) In-source the product, 2) 
switch to a different vendor, or 3) aid the supplier to enhance or transform its processes and abilities [2]. The decision made 
will hinge on the cost and quantity of the product as well as whether the product is crucial to the future plans of the company 
[2]. If the product adds little value and is not strategic in nature, then the costs involved in switching to a new vender will 
probably be low. If this is the case, then changing to a new vendor is the optimal decision [2]. However, changing venders can 
cost a company a great deal in terms of money, political situation, and how the company is regarded by others [3]. If the 
product is strategic in nature, then the customer company may want to in-source the product [2]. Again, there may be costs 
involved with doing this because in-sourcing can cause “substantial diseconomies of vertical integration outside of the core 
business” [3]. For situations which vary between these two situations, the customer may want to engage in supplier 
development [2].  

 
2.  Discussion 

 
       Supplier development is “any activity that a buyer undertakes to improve a supplier’s performance and/or capabilities to 
meet the buyer’s short-term or long-term supply needs” [2]. These activities include: assessment of vendor’s processes, offering 
rewards for improvement, encouraging rivalry between vendors, and direct involvement with the vendor (including training). A 
company may engage in one, some, or all of these activities [2].  
 
       Supplier development can be a tremendous undertaking requiring resources of money, capital, and people by both the 
customer and the supplier. Therefore commitment from both parties is necessary. It also requires trust because it involves risk. 
It is risky for two reasons. First, success is not guaranteed. Second, the companies will have to share confidential and strategic 
data. Supplier development also requires cooperation and compromise. The companies have to come to agreements about very 
important matters, such as performance metrics [2]. Sako points out that the companies also must have “distinctive 
organizational and governance structure that facilitates long-term cumulative learning” [4]. So commitment and trust are not 
enough, the companies must be able to support learning on the organizational level. Supplier development should be about 
partnership, where both customer and supplier are committed to working together for the long-term [5]. 
 
       According to Sako, “the most limited aim of supplier development is to intervene in order to teach ‘maintenance capability’ 
with respect to a specific component. At the other extreme, the most ambitious aim is for a company to replicate at its supplier a 
whole set of organizational ‘routines’ underlying its own evolutionary capability” [4]. There are two dimensions of capability: 
type and scope. Sako divides “type” into three categories:  

• Maintenance – the capacity to sustain performance,  
• Improvement – the ability to improve performance and the pace at which improvement takes place, and  
• Evolutionary - the highest type, which is the ability to acquire new capabilities.  

 
       The other dimension, scope, describes the level of activity ranging from a work cell in one factory to the entire organization 
[4]. 
 
       A study by Watts and Hahn shows “that buyers are using supplier development programs to improve the products they 
purchase, as opposed to improving their suppliers’ capabilities” [6]. Krause found that customer companies utilize an array of 
techniques in supplier development programs [7]. But that they utilized lower level activities such as supplier evaluation rather 
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than higher level activities like supplier training and monetary investment [7]. Krause also showed that the intensity of activity 
correlated with the customer company’s commitment to supplier development [7]. Suppliers and customers who work together 
and when working together, consider the “total cost” instead of the price of the product do more supplier development activities 
[8].  
 
       Liker describes how the Japanese automakers (like Toyota) developed their supplier development programs over the years 
[9]. U.S. companies have provided supplier training for a long time as well. However, the Japanese companies use a different 
approach. They do not teach lean production in a classroom or conference room. Instead they teach their suppliers at the 
suppliers’ facilities according to gemba (a Japanese word meaning “go and see”). The supplier learns lean production from 
actually doing it. They usually send their own employees to the supplier’s facility to help them set up “model lines” [9]. Sako’s 
article also studies the Japanese automakers’ supplier development activities [4]. He reports that these companies have 
organized supplier associations, study groups, forums, etc. to allow suppliers to share information and, in Toyota’s case, 
actually work projects together. Also, it is interesting to note that for all three companies which he studied, the scope of the 
supplier development programs broadened over time. 
 
       Emiliani [10] describes how Pratt & Whitney (P&W) encouraged its machined parts suppliers to adopt lean practices. 
P&W wanted to improve its suppliers’ processes so that it would not need to outsource to foreign companies. To reduce cost 
and improve quality and on-time delivery, P&W had to teach the suppliers about the lean basics. The means for educating the 
suppliers included using bimonthly e-mail briefings on lean concepts and P&W success stories. Pratt & Whitney also conducted 
personal visits to give suggestions.  
 
       Micheals [11] presents the findings of the case study of a Large Aerospace Company (whose real name is not revealed) 
which initiated a long-term project to lean its supply chain. LAC had many problems motivating its suppliers as well as its own 
buyers. Tension between different groups of people caused teamwork issues. However, many lessons were learned from this 
experience. At the end of three years, only 30% of the suppliers understood lean concepts and only 10% were implementing it. 

 
3.  Conclusions 
 
       The literature shows that supplier development can be effective in improving the supply chain (as in the case of the 
Japanese automakers). However, for supplier development to work, the companies must work together and commit to the 
initiative.  
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Still in Second Place: A Structural Approach to the Gender-Pay Gap 
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1. Introduction 
 
       This project was initially designed to meet the requirements of the Sociology Department Master’s program.  Because 
Master’s projects in sociology are restricted to secondary data analysis, it was important to choose a topic that could be studied 
using readily available data.  Through my work as an undergraduate in both history and sociology here at Wichita State, I had 
in interest in the gender gap in income due to its ongoing significance as well as its place in the larger historical context of 
women entering the labor market and the ramification it has had for American society in general.  Though a great number of 
studies have been done on the gender gap in income, this large body of literature actually inspires further, more refined 
research.  This research looks to focus specifically on the income differences between men and women based on the 
occupational skills of the different positions men and women occupy.     
 
2. Experiment, Results, Discussion, and Significance 
 
       This research utilize data from the March 2003 Current Population Survey, Annual Demographic Supplement.  This 
monthly survey is conducted by the Bureau of the Census for the Bureau of Labor Statistics and represents the official 
government data on employment and unemployment.  The survey universe includes the entire civilian, non-institutionalized 
population living in housing units within the United States.  After sample restrictions were made in order to restrict those who 
derive income differently, a final sample size of 64,650 was utilized. 
 
       This research is based on an income determination model pictured below: 

Gender Structural

Individual Income

Adapted from Wright (1992)
 

 
       According to this model, individual choice accounts for income primarily through the accumulation of human capital [1].  
Thus, the decisions a person makes in education and skill acquisition directly impact their productivity and ability to impact the 
marginal product.  Employees who are more productive will earn more money and any differences between men and women in 
income would logically arise from the different decisions each make in terms of skill acquisition. 
 
       Structure impacts income both directly and indirectly by acting as a filter to select attributes in order to fill positions.  For 
example, a company looking to fill a management position is likely to look for a candidate with education to fill the position.  
The worker who eventually fills that position will had to have made the decision to invest in an education, but then will be 
rewarded by earning a position higher up in the company infrastructure.  Though it may be individual characteristic that qualify 
a given individual for a job, it is ultimately the position he or she occupies that determines their income.  Thus, it is important to 
look at such variables as company size, full-time status, as well as occupational and industrial sectors of the economy.  These 
variables serve as a means of examining membership in the core/periphery economies [2] and the primary and secondary labor 
markets [3]. 
 
       Like structure, gender impacts income both directly and indirectly.  Gender limits the amount of money a woman can earn 
because women can earn less for being in the same positions as men [4], meaning that even if a man and woman make the same 
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educational investments, the woman will see less of a reward for individual choices than a man will.  Additionally, gender 
restricts the income of women by closing off certain occupations from women and shuttling them into more appropriate 
“women’s work”.  Therefore, the gender model segment looks at variables such as occupational sex segregation and marital 
status in order to address the issues of crowding within occupations [5] and job queuing [6].   
 
       Using this income determination model as a framework, the dependent variable of total wage salary from the previous year 
was tested using independent variables from each model segment.  Separating the variables into model segments allowed for 
analysis of the data on a variable by variable basis, segment by segment basis, or by looking at all the variables together. 
 
       Bivariate analysis of the data revealed that based on median income, women earn 77.8% of the income of men.  Even when 
controlling for full-time, full-year employment, women still only earn 81.1% of what men do.  Multivariate tests using ordinary 
least squares revealed that, net of other factors, a woman earns $6,705 less than a man, meaning that even when all other factors 
are controlled for, a woman earns $6,705 less per year than a man simply because of her gender.  Using partitioning of variance 
for each of the three model segments (individual, structural, and gender) revealed that, of the three model segments, structural-
level variables did the best job of explaining variance by explaining 15% for females and 12% for males .  
 
3. Conclusions 

 
       The most salient finding of this research is the sheer size of the economic penalty women face in the workforce.  Basing the 
income gap on a per dollar basis tends to underestimate the true impact of the gap.  The fact that net of other factors a woman 
earns $6,705 less than a man forty years after the passage of the Equal Pay Act is as shocking as it is troubling.  The hypotheses 
for all variables were found to be supported, which was not unexpected.  Increases in education, age, hours worked per week, 
company size, and occupational skill all lead to increases in income, as was expected.  Those who resided in the south or in 
rural areas did earn less than those residing in other areas.  Union membership did lead to increased income, as did working in 
white-collar and high-skill occupations.  As predicted, it was found to be economical beneficial to be married, have young 
children in the home, or be white non-Hispanic.  Though all of the hypotheses were correct in their predictions, gender is not a 
major component of them, yet the gap of $6,705 persists, which leads to the question, why do men and women receive 
experience these variables differently?  What is it that makes a woman’s college degree or union membership less valuable than 
a man’s? 
 
       The major policy implication of this research centers on the fact that the individual-level model does such a poor job of 
predicting income.  Education, which was though to be a panacea for income inequality, has failed to have a substantial impact 
on the gender gap in income.  Women are actually more likely than men to be college graduates, and therefore should, at least 
theoretically, earn more than men.  Because increasing education has not lead to a decrease in the gender gap in income, this 
research demonstrates that changes in individual attributes are not sufficient to address the problem of income inequality in 
gender.  Instead, the problem must be addressed structurally.  Occupations where females are over-represented still earn less 
than jobs where they are under-represented.  Until this devaluation of “women’s work” changes, the gender gap in income will 
stubbornly persist.       
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Design of Output Feedback using Reduced-Order Observer 
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1. Introduction 
 
       The basic idea of feedback control is to exploit 
information from the system and use it to regulate the 
system. Under ideal conditions, the designer has complete 
information on all state variables to construct the control 
input for the system. However, in most cases, not all 
states are available for measurement. Only the output 
variable is available and correlated to other states of the 
system. In this case, instead of a state-feedback design, an 
output-feedback design must be employed to regulate the 
system. The objective of this paper is to improve the 
feedback design using the output from the open-loop 
system. This paper takes advantage of the idea that a set 
of properly selected eigenvectors with 90o angles between 
them should make the eigenvalues less sensitive to 
perturbation of the system’s parameters [1]. The problem 
of the missing states can be overcome by designing an 
observer to estimate them by using the available output as 
its inputs, along with the control input for the plant. 
 
2. Result 
 
       Consider a continuous-time plant represented as an 
open-loop system that is completely controllable and 
observable described by its state-space model 

x& (t) = Ax(t) + Bu(t),   y(t) = Cx(t) (1) 

with control input u(t) ∈ ⎥m, state vector x(t) ∈ ⎥n, output 
vector y(t) ∈ ⎥r, and matrices A ∈ ⎥n×n, B ∈ ⎥n×m, and C ∈ 
⎥r×n. The control input u(t) is generated from the available 
output y(t) using the output-feedback gain F ∈ ⎥m×r as in 
the following relationship 

u(t) = Fy(t) (2) 

Case 1: r + m > n 
 
       Under the condition of full controllability and 
observability for the case where r + m > n, the gain F can 
be obtained [2, 3]. The m poles can be set at arbitrary 
locations based on the relationship 

Wm(A + BFC) = ΛmWm (3) 

where Λm ∈ ⎟m×m contains the m desired eigenvalues on  
the diagonal, and Wm ∈ ⎟m×n contains the left eigenvectors. 
The remaining (n – m) poles are determined from the 
relationship 

(A + BFC) Vn – m = Vn – m Λn – m (4) 

where Λn – m ∈ ⎟(n – m)×(n – m) contains the n – m desired 
eigenvalues  on  the  diagonal,  and Vn – m ∈ ⎟n×(n – m) contains 
the right eigenvectors. The output feedback gain is 

F = (Wm B)–1(Λm Wm – Wm A)VCr (UC ΣC)–1 (5) 

where the matrix C is factorized by its Singular Value 
Decomposition 

C = UC [ΣC   0]  (6) 
⎥
⎥
⎦

⎤

⎢
⎢
⎣

⎡

−
T

rnC

T
Cr

V
V

)(

       In the process in finding the left eigenvectors in Wm and 
the right  eigenvectors  in Vn – m, each vector must be 
selected so that the angles between the eigenvectors as close 
as possible to 90o. 
 
Case 2: r + m ≤ n 
 
       In this case the total number of inputs and outputs is not 
enough to obtain the output feedback F by q = n – m – r + 1. 
Then a reduced-order q observer can be designed to estimate 
the required additional q outputs with 

Aob = Wq A Sq + Zq C Sq,   Bob = Wq B (7) 

where Zq ∈ ⎟q×r is an arbitrary matrix, and the row vectors in 
Wq ∈ ⎟q×n and the column vectors in Sq ∈ ⎟n×q are obtained 
from 

wi
T = zi

TC(λi I – A)–1, for each i = 1, 2, …, q (8) 

Wn – q
T ∈ Ker (Wq) (9) 
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W  = [Sq     Sn – q] (10) 

       The row vectors in Wq are selected that the angle 
between the vectors as close as possible to 90o. The 
additional required output is  

yq(t) = Wq x(t) (11) 

       The output feedback gain F is obtained using equations 
(3) – (6). The composite system is shown in figure 1 
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Figure 1.  Composite system: reduced-order q observer and output-
feedback design. 
 
       The condition number of the eigenvalue indicates the 
magnitude of the eigenvalue shift due to perturbation in 
any of the matrix in A+BFC, and is used to evaluate the 
design performance in the s-domain 

Ψmax = max Cond (λk) = 1/|wk
Tvk| (12) 

                   k

       The cost function indicates the magnitude of the 
system’s zero-input response overshoot, and is used to 
evaluate the design performance in the time domain 

Jk = ∫ x
∞

0

k
2(t)  dt,   for each k = 1, 2, …, n 

Jmax = max Jk (13) 
                  k 

Example 
Consider the linearized model of a Jet Transport during 
cruise flight system (taken from MATLAB example) 
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       The states are the sideslip angle, yaw rate, the roll 
rate, and the bank angle respectively. The desired closed-
loop poles are λ = –1.0, –1.50, –0.7 ± 0.3i. Since the 
model has n = 4, m = 2 and r = 2, then in order to realize 
the output-feedback gain F, an additional q = 1 is required 
with λob = –6.0. Choosing 

Zq = [1     0] 

the output feedback gain and the observer matrices are 

⎥
⎦

⎤
⎢
⎣

⎡
−−

−−
=

12.89940.04132.1206
21.88860.19073.0105

F  

Aob = –6.0,   Bob = [0.7931     –0.2180] 

       Table 1 shows the tabulated evaluations in the time- and 
s-domain for various design schemes. Indicated by Jmax, 
design 4 has overshoot as high as 180o, which makes the 
design with arbitrary eigenvectors not acceptable for a real 
application. Design 5 has the advantage that it has the 
lowest order observer compared with designs 3 and 4, but it 
gives better performance. Design 5 has larger Ψmax 
compared to designs 1 and 2, but design 5 requires less 
information about the plant’s states. 
Table 1.  Performance Evaluation 
 Ψmax

a Jmax
b

1. State-feedback design 4.98 4.69 
2. State-feedback & full-order observer 12.64 1.07 
3. State-feedback & reduced-order (n–r) obs. 85.43 31.00 
4. Output-feedback & reduced-order q obs.:  
        Arbitrary eigenvector 

 
14745 

 
106980 

5. Output-feedback & reduced-order q obs.:  
        Properly assigned eigenvector 

 
64.09 

 
1.22 

a 2∆F2max = 0.1 
b Initial condition x(0) = [1  1  1  1]T

 
3. Conclusion 
 
       Under the condition that the open-loop system is 
completely controllable and observable, the output feedback 
gain can be computed when r + m > n. When r + m ≤ n, an 
observer must be incorporated in the feedback system to 
estimate the missing q = n – m – r + 1 outputs. In designing 
the closed-loop system and the observer, the eigenvectors 
must also be selected so that the angles between the 
eigenvectors are as close as possible to 90o. When the 
eigenvectors are properly selected, the closed-loop system 
poles and the observer poles are not easily shifted by any 
perturbances in the system's parameters. The selection of 
eigenvectors is quite significant in the design process 
because if they are not chosen properly, then in certain cases, 
the design is not an acceptable application. 
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1. Introduction 
    

N

NN

N

N N

N

N N

N

N NFe

2+       The Fe(bpz)3
2+ cation is a 

typical three ligand metal system 
which shows very interesting 
properties in solution. This paper 
will cover some calculated data 
such as simulated absorption data 
and the frontier orbitals of the complex. Finally kinetic data 
will be analyzed. 
 
2. Experimental 
 
Preparation of Fe(bpz)3ּ2PF6, where bpz is 2,2’-bipyrazine 
       An aqueous solution (5 mL) of FeSO4ּ7H2O (0.185 g, 
0.67 mmol) was chilled and added to a chilled solution of 
2,2’-bipyrazine (0.32 g, 2 mmol) in methanol (50 mL).  The 
solution was stirred for 30 minutes and then an excess of 
NH4PF6 was added. The solution was further stirred for an 
additional 30 minutes and than filtered. The solid was 
washed with acetone and the filtrate was allowed to 
crystallize. (Yield ca. 50%) 
 
Kinetic Data Collection 
       An SX.18MV-R Stopped-Flow Reaction Analyzer was 
used to monitor the reaction. The absorbance of the 
Fe(bpz)32+ solutione, conc. 2 x 10-4 M, was recorded at 
508 nm over a specified time. The three aqueous solutions 
used to initiate the reaction were 0.01 M HNO3, 0.01 M 
NaNO3, and 0.01 M NaOH. The iron containing solution 
and the aqueous solutions were mixed in a 1:1 ratio within 
the instrument.   
 
Computational Studies 
       Calculations were effected using Gaussian ’98W, 
version 5.4 (Rev. A9), and Gaussian ’03 (Rev. B.03) for 
UNIX. The molecules were optimized using Becke's three-
parameter hybrid functional B3LYP2a with the local term of 
Lee, Yang, and Parr2b and the nonlocal term of Vosko, 
Wilk, and Nassiar2c.  The basis set 6-311G** was chosen for 
all atoms, including the iron atoms. The optimizations were 
all ran in the gas phase and the simulated absorption 
spectrum was ran in the solvent acetonitrile to match 
experimental conditions. 
 
3. Results 
 
Simulated Absorption Spectrum    

      The experimental vs. calculated absorption spectrum can 
be seen in Figure 1. The absorption spectrum was calculated 
in acetonitrile, the experimental solvent. The results show 
the different transitions that give rise to the individual 
absorption bands. Most of the transitions are metal-to-ligand 
charge transfers (MLCT), which do not take place at the 
calculated energy. The experimental absorption bands occur 
at 19000 and 21000 cm-1 and the calculated bands are 
located at 22500 and 24500 cm-1, respectively. This 
difference is most likely due to the calculation parameters of 
which there has been no correction curve calculated. 
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Fig. 1.  Simulated absorption spectrum of Fe(bpz)3

2+ 

 
Frontier Orbitals 
       The frontier orbitals are calculated after the complex 
undergoes an optimization procedure for structure. In 
general for a species that contains a metal with three ligands 
of the diamine ring type, the electron density is distributed 
equally among the three ligands3. In Figure 2 the HOMO 
(Highest Occupied Molecular Orbital) shows most of the 
electron density on the iron, as expected. For the LUMO 
(Lowest Unoccupied Molecular Orbital) the electron density 
is not spread out evenly over the three bipyrazines, but 
rather two bipyrazines have the majority of the electron 
density and the third hardly has very little. One other 
striking feature is that the iron atom still has electron 
density, whereas in other examples the iron atom did not 
have any3. 
 
Fig. 2.  HOMO and LUMO frontier orbitals 
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Stopped-Flow Kinetic Studies 
       Figure 3 shows one of the many sets of data collected 
during the stopped-flow study of the aquation reaction. The 
rest of the graphs look similar. They all show a rise in 
absorbance, k1, followed by an exponential decay, k2. The 
rate constants are given in the upper corner of Figure 3 show 
that the initial reaction is ~ 200 times faster than the second. 
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Figure 3. Example kinetic data 
 
4. Discussion 
   
       The simulated spectrum and calculated data are shown 
to illustrate that the complex yields data that is inconsistent 
with any data seen to this point3. The simulated spectrum, as 
was elaborated on earlier, needs to be ad sted to fit the 

s requires that he maximum 
bsorbance wavelength be measured and calculated for 

nt solvents and the data plotted to give a 
ibration curve, this work will be done in the future. 

The aquation reaction, Fe(bpz)3  + 6 H2O  

1 is the starting 
 

i n 2. 

k1 = 0.6374 sec-1

k2 = 3.44 x 10-3 sec-1
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       The orbital diagrams yield very useful information in 
that they show how the electronics of the complex stack up. 
They illustrate how the different ligands do not contain the 
same percentage of electron density when in the LUMO 
state. This could be useful in understanding why the 
complex undergoes aquation at a rapid rate. 
    

2+       
Fe(H2O)6

2+ + 3 bpz, was studied using stopped-flow studies 
indicates that the reaction involves two consecutive first 
order reactions4. 
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Equation 1 shows the species that are formed and rate 
stant that generates that species, where Acon

material, Fe(bpz)3
2+, and A3 is the final product, assumed to 

be Fe(H2O)6
2+. A2 is an unknown intermediate, but it is the 

species that gives rise to an increase in absorbance. When 
the equations above are put into rate expressions, one 
obtains equat o
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Upon integration one obtains a set of equations (3) that 
allow for the calculation of each species’ concentration at 
any given time. 
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ations in 3, Figure 4 is obtained from the 
experimental data. 

0

0.1

0.2

0.3

0.4

0.5

N
or

m
al

iz
ed

 A
b

0.6

0.7

0.8

0.9

1

0 1 2 3 4 5 6 7 8 9 10 11 12 13 14 15

Time (sec)

so
rb

an
ce

[A1] [A2] [A3] 

0

0.1

0.2

0.6

0.7

0.8

0.9

1

0 20 40 60 80 100 120 140 160 180 200
Time 

0.3

0.4

0.5

N
or

m
al

iz
ed

 A
b

(sec)

so
rb

an
ce

 
Figure 4.  Calculated data showing the presence of the individual species at 
a give time 
       The data show how the species A1 is used up within ~ 
ten seconds forming A2, which then is converted to A3 over 
the rest of the time. This type of graph yields very valuable 
information and helps to understand a reaction on an 
individual species level. 
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5. Conclu
    
       The data presented demonstrates that the iron complex 
is dissimilar to other iron containing diamine ring systems. 
The solution properties have given a chance to gain a better 
understanding of reaction 
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1. Introduction 
 
       As devices shrink to the size of a few atoms, quantum 
effects are becoming increasingly important.  Indeed, the 
replacement for CMOS could easily be a quantum effect 
gate.  We demonstrate here a new scheme to realize the 
NOT, the Controlled-NOT (C-NOT) and the Toffoli gates, 
all of which are essential elements for building a universal 
quantum computer [1].  Given the Hamiltonian of the 
quantum system, we show how parameter values 
describing the Hamiltonian can be chosen in order to 
realize these gates.  Then we use a pulsed bias technique 
to implement these gate operations.  To make explicit our 
proposed scheme and for deriving formulae for 
calculating the values of parameters related to the 
quantum system in order to realize the desired gate 
operations, we have used Superconducting Quantum 
Interference Devices (SQUIDs) as an example of a two-
level system. 
 
2. NOT, C-NOT and Toffoli Gates 
 
       A SQUID consists of a tiny loop of superconductor 
with a small discontinuity known as Josephson junction.  
The two basis states, |↑〉 and |↓〉, for the two-level single-
SQUID system would be those having opposite flux, and 
thereby, having currents circulating in opposite directions 
in the superconducting loop.  The 2-by-2 Hamiltonian 
matrix of a SQUID is given as 
 

ZXH εσσ +∆= , (1) 
 
where ε is the bias, ∆ is one half the uncoupled tunneling 
frequency, σX and σZ  are the Pauli matrices. 
       Given an initial state of the system, the formal 
solution to the Schrödinger wave equation gives us the 
state of the system as a function of time. The probability 
of the SQUID in the |↓〉 state can be written as an 
oscillatory function in terms of the parameters ∆ 
(tunneling) and ε (bias) as: 
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the ‘-’ and ‘+’ signs being used when the system starts out 
initially in the |↑〉 and  |↓〉 states, respectively. 
 
       A NOT gate can be realized for a single qubit by 
turning the bias on and off.   When ε>>∆, the qubit 
remains in the state it has been initialized to and hence, a 
memory state can be realized.  However, when the bias is 
turned off, the qubit oscillates between the two basis 
states and is in a transitional state.  By controlling the 
frequency of oscillation to correspond to an odd or even 
integer multiple of half-cycles, the qubit, in its transitional 
state, can be made to either flip its state (NOT gate) or 
return to its initialized state. 
 
       To realize a C-NOT gate, we consider a coupled 
system of two SQUIDs, A and B, which has four basis 
states.  The Hamiltonian is a 4-by-4 matrix given as 

 

,ZBZA

ZBBXBBZAAXAAH
σξσ

σεσσεσ
+

+∆++∆=
 (3) 

  
where ξ is the coupling factor and all the other terms have 
the usual meaning (subscripts A and B referring to 
SQUIDs A and B, respectively).  Under a C-NOT gate 
operation, the control qubit A never changes its state.  By 
maintaining a high bias [2] on the control qubit 
throughout the gate operation, we can force it to remain in 
its memory state.  The 4-by-4 Hamiltonian matrix of the 
two-SQUID system can now be reduced to a 2-by-2 
Hamiltonian matrix of a single SQUID system, given as 
 

,)( ZBBXBBBH σξεσ ±+∆=    (3) 
 
which describes the true evolution of the target qubit B 
only.  Here, the coupling term, ξ, either adds or subtracts 
from the bias on qubit B, εB, depending on whether the 
expectation value of σZA is +1 or -1 in the subspace of B 
(control qubit A in the |↑〉 or |↓〉 state, respectively).  The 
equation for the probability in the |↓〉 state for the target 
qubit B will be as given by Eq. (2) with the bias term ε 
replaced by the “effective” bias term (εB ± ξ).  Thus, there 
are two frequencies of oscillation for the probability in the 
|↓〉 state for the target qubit B given as  
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.)(2 22
2,1 ξε ±+∆= BBf   (4) 

 
       We choose these frequencies such that in one case  
(control qubit A in the |↑〉 state) the target qubit B in its 
transitional state undergoes an integer number of complete 
oscillations and returns to its initialized state, while in the 
other case (control qubit A in the |↓〉 state), it undergoes 
an odd integer number of half cycles and flips its state.  To 
avoid attenuation to the amplitude of oscillations, by the 
term (∆B

2+(εB±ξ)2) in the denominator, when the target 
qubit flips its state, it is required that εB and ξ cancel each 
other.   
     
       From our discussion it follows that if T is the time 
step and M is an integer number of complete cycles in the 
transitional state of target qubit B: 
 

,)(2 22
1 T

Mf BB =++∆= ξε
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(6) 

 
       For different values of M and T, Eqs. (5) and (6) are 
used to solve for ∆B, ξ and εB.  The solved value of εB is the 
value to which the bias must be pulsed low in order to 
bring the target qubit B to a transitional state.  On 
completing the desired number of oscillations, the target 
qubit is then brought back to a memory state by pulsing 
the bias on it to an “arbitrarily” high value.   
        
       The reduced Hamiltonian approach is next used to 
implement the Toffoli gate, a three-qubit gate, two of 
which, A and B, are control qubits and the third, C, is the 
target.  The target qubit flips its state only when both the 
control qubits are in the |↓〉 state.  The target qubit C is 
coupled to each of the control qubits, A and B, which are 
mutually uncoupled, through the coupling terms ξAC and 
ξBC, respectively.     
        
       Using our reduced Hamiltonian approach, by making 
εA and εB large, control qubits A and B are maintained in 
their initialization states (|↑〉 or |↓〉).  The 8-by-8 
Hamiltonian matrix of the system can be reduced to a 2-
by-2 Hamiltonian matrix, for qubit C, as: 
  

.)( ZCBCACCXCCCH σξξεσ ±±+∆=  (7) 
 
       Here, the coupling term, ξAC, (ξBC) either adds or 
subtracts from εC  depending on whether the expectation 
value of σZA (σZB) is +1 or -1 in the subspace of C.   
 
       The probability of the target qubit C in the |↓〉 state is 
given by Eq. (2) with the bias term ε replaced by the 
“effective” bias term (εC ± ξAC ± ξBC).  Therefore, there are 
four different frequencies as follows: 
 

,)(2 22
BCACCCf ξξε ±±+∆=  (8) 

 
which can be reduced to three if we choose ξAC and ξBC to 
be equal to each other.  
       We require that target qubit, C, flip its state only 
when each of the control qubits, A and B, are in the |↓〉 
state, which corresponds to an odd integer number of half 
cycle oscillations in the transitional state of qubit C.  In 
order to avoid any attenuation at a half cycle, we need εC 
to cancel with the sum of the two coupling terms, ξAC and 
ξBC, i.e., εC =(ξAC +ξBC). 
 
       For a particular time step T, we will have three 
equations in three unknowns ∆C , εC and ξAC  (= ξBC) for 
the three frequencies of oscillation, two of which 
correspond to integer numbers of oscillation cycles and 
one corresponds to an odd integer number of half-cycles.  
These can be solved for to obtain parameter values for the 
Toffoli gate.  
 
3. Conclusions 
 
       We have shown in this paper how to realize quantum 
gates by pulsing the bias of a quantum two level system.  
Using the reduced Hamiltonian, we were able to solve for 
parameter values in order to realize a C-NOT gate and a 
Toffoli gate.   
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1. Introduction 
 
       The developing mammalian female reproductive tract is 
particularly sensitive to actions of environmental estrogens 
during the period of ovarian organogenesis.  Clomiphene 
citrate, a non-steroidal estrogen, is administered annually to 
thousands of women suffering from ovulatory dysfunction.  
Clomiphene treatment while indirectly stimulating the ovary, 
has a transient detrimental effect upon uterine receptivity, an 
effect which is eventually remediated.  Clomiphene, acting 
via the pituitary/hypothalamic axis, stimulates the release of 
follicle stimulating hormone (FSH) and luteinizing hormone 
(LH) which induce the maturation of follicle development 
and ovulation.  A key morphological manifestation involving 
fetal/neonatal exposure to endocrine disruptors is the 
induction of numerous polyovular follicles (POF) in the 
neonatal ovary, indicative of abnormal germ cell: somatic 
call association during primordial follicle genesis. 
Accordingly, interests arose to the notion whether 
clomiphene citrate could likewise induce POF in the ovaries 
of test organisms, specifically in hamsters (1-3). 
 
2. Materials and Methods        
 
       Expecting female hamsters were received prior to their 
delivery date.  Within 6 hours of birth, female and male 
hamsters were separated.  Upon separation, female neonatal 
hamsters received a single injection of warm saline (50 ul, sc) 
or saline containing 1, 10, or 100 ug clomiphene citrate.  Five 
pups were injected per group then returned to their mother.  
At 21 days of age, pups were anesthetized by CO2 and 
decapitated.  One of the paired ovaries were removed and 
placed into Z Fix fixative and stored overnight.  The second 
ovary proceeded to be snap frozen for eventual RNA 
preparation.  The following day ovaries were treated with 
fresh Z Fix and then eventually removed and replaced by 
70% ethanol.  Ovaries that were fixed were sent to Histo-
Scientific Laboratories (Woodstock, VA) for embedding and 
sectioning.  The five control ovaries were aligned in the 
tissue block such that they could be sectioned 
simultaneously.  Ovaries were serially sectioned and after the 
first 10 sections, every 12th subsequent section was placed on 
a slide and stained.  The same procedure was repeated with 
the clomiphene ovaries.  Sixteen sections were obtained for 
each group, ( i.e. 16/212 of the total sections were analyzed 
or 7.5% of the total ovary).  For both the control and 
clomiphene groups, each section was analyzed for the total 

number of developing follicles and the number of polyovular 
follicles.  Data were analyzed by one way ANOVA with 
multiple comparisons, and expressed as total number of 
developing follicles per ovary, POF per ovary, and 
POF/number of developing follicles. 
 
3. Results 
 
       For both control and clomiphene groups, each section of 
each of the 5 ovaries was analyzed for total number of 
developing follicles and the number of POFs (figure 1).  
Sixteen sections were obtained for each group, thus 16/212 of 
the total sections were analyzed, equaling 7.5% of the total 
ovary.  For all groups, each section was analyzed for total 
number of developing follicles and POF.  The total number 
of developing follicles counted in the 16 sections among the 
control and 1, 10, and 100 ug CC groups was not statistically 
different (463 +/- 34, 514 +/- 20, 470 +/- 25, and 418 +/- 23, 
respectively)(figure 2).  However, when the number of POF 
was determined (25 +/- 2, 28 +/- 5, 44 +/- 3, and 46 +/- 5), 
the 10 and 100 ug CC doses exhibited significantly elevated 
numbers of POF (P<0.05) (figure 3).  In relating POF to total 
follicles per ovary (0.06 +/- 0.002, 0.05 +/- 0.008, 0.09 +/- 
0.007, and 0.11 +/- 0.011), the two higher CC doses 
exhibited a significant and dose-dependent increase (P< 0.05 
and 0.01, respectively) (figure 4).  Microscopically speaking, 
the origins of the POFs seen within the various clomiphene 
treated ovaries reveal to be contained within the inner 
portions of the ovary  
(figure 5).  The development state of these POFs are 
relatively unknown.  
 
          

   
                A                          B                         C  
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Figure 1  Dose effect of clomiphene citrate (CC) upon polyovular follicle 
(POF) formation.  (A) Control, most follicles are round and contain a single 
oocyte.  However, POF are present (arrowheads).  (B) and (C); POF in 
ovaries from animals treated with 10 and 100 ug CC. 

                 
Figure 2  Dose effect of CC upon the number of developing follicles in the 
ovary.  Developing follicles are defined as primary or greater.       
 

                 
Figure 3  Dose effect of CC upon the number of ovarian POF.   
 

                  
Figure 4  Dose effect of CC upon the number of POF relative to the number 
of total developing follicles. 
 

     
 
Figure 5  Origins of POF.  Note the follicles indicated (arrowheads), which 
suggest that POF are forming by fusion, and located in the central region of 
the ovary 
 
4. Discussion 
 
       POF development produces abnormal, oblong follicles 
that generally contain two or more oocytes, as apposed to 
single oocyte seen within normal follicles.  In a normal ovary 
(untreated) the appearance of POFs are minimal to rare.  

However, relative to controls, CC given at 10 and 100 ug 
doses significantly increases the number of POF per ovary.  
In relating these POFs to their originality, the number of total 
follicles within the various doses remained unchanged in 
number.  The orientation of these POFs suggests that POF 
formation could arise early in development by failure of 
oocytes to separate as they attract mesothelial cells from the 
genital ridge.  Conversely, POFs could arise from fusion of 
developing follicles. The data suggest, at least preliminarily, 
that clomiphene citrate has endocrine disruptive 
characteristics similar to other more recognized disruptors 
such as diethylstilbestrol (DES). 
 
5. Conclusion 
 
       In observing the results upon clomiphene dose response, 
apparent detection of an increased number of POF 
developing within the ovary becomes amplified in 
conjunction to neonatal exposure of this compound.  
Interestingly, in response to clomiphene, POFs became 
distinctly congregated to the inner, central portion of the 
ovary.  Additional investigation onsite of these POFs show 
the apparent development of this abnormal state by the fusion 
of individual, otherwise normal follicles with one another.    
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1.  Introduction 
 
       The problem of aircraft wake vortex hazard became 
important with the introduction of heavy transport aircraft.  
These aircraft operate within the terminal areas along with 
much lighter aircraft, which can be dangerously upset by 
the wake vortex system of the heavier vehicles.  The issue 
is exacerbated by the fact that vortex strength is not only 
linearly proportional to the aircraft weight, but also 
inversely proportional to flight speed, meaning that the 
vortex strength is greatest for heavy aircraft traveling at 
slow speeds.  Therefore, the vortices posing the greatest 
threat are concentrated in a high-traffic area, near the 
airports.   
 
       The capacity of air traffic handled at existing airports 
is limited by the wake turbulence separation criteria.  The 
current FAA guideline requires separation distances 
between aircraft as shown in Figure 1.  Various aviation 
regulatory establishments throughout the world have 
adopted these separation distances. However, these 
distances, while maintaining acceptable levels of safety, 
are an obstacle to increasing airport traffic.  Reducing the 
required aircraft separation would result in a significant 
increase in the air traffic capacity of the present airports.  
This would not only have an economic effect, as more 
aircraft could be accommodated, but it would also reduce 
delays, leading to higher customer satisfaction.  It is 
important, though, that safety is not compromised.   
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Fig. 1.  Current wake turbulence separation criteria. 
 
       The current approach of avoiding the wake vortices 
becomes increasingly difficult as traffic congestion is 
increasing.  An alternative approach to dealing with the 
hazard is to eliminate the vortex wake, or at least reduce 
the danger posed by it.  However, before this is possible, 
the dynamics of the wake must be understood.  The 
purpose of this research is to investigate experimentally 

the time-dependent behavior of aircraft wake vortex 
systems.   
 
2.  Experimental Method 
 
       The experimental apparatus that is used for this 
research is identical to that described in Reference 1.  A 
brief description of the facility and equipment follows.   

 
Test Facility 
 
       The experiments are performed in the water tunnel 
located in the National Institute for Aviation Research 
(NIAR) on the campus of Wichita State University.  This 
is a horizontal, closed-loop tunnel containing 3500 gallons 
of water.  It has a clear test section measuring 6 ft. long, 3 
ft. high, and 2 ft. wide that can be viewed from five 
different directions.  A schematic of the water tunnel is 
shown in Figure 2. 

 
Vortex Generators 
 
       Vortices are generated using aluminum blades 
positioned vertically in the flow.   The blades are mounted 
on a reflection plane that is located 3 inches below the 
free surface of the water.  The blade assembly is shown in 
Figure 3.   

 
Flow Visualization 
 
       The vortices are visualized by injecting a diluted milk 
and alcohol mixture near the leading edge of the vortex 
generators.  The injection of the dye is placed as 
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Fig. 2.  Schematic view of the water tunnel. 

 
close as possible to the point where the vortex filament 
separates from the blade.  The filament cross sections are 
illuminated with a high-intensity white parallel beam that 
is positioned perpendicular to the test section.  When 
viewed through the downstream window, a bright spot for 
each vortex is observed against a black background.  A 
typical video frame showing a two-vortex case is 
presented in Figure 4.  The motion of these cores is 
recorded on a tape in Digital 8 format, at a rate of 30 
frames per second, using a camcorder.  The time history 
of the core locations is then extracted from the video and 
the information is used to determine the characteristics of 
the flow. The details of the flow visualization and the data 
acquisition are outlined in References 2 and 3.   
 
3.  Discussion of Results 
 
       In the course of this research, investigations have 
been made of: 
• Self-induced motion of single vortex filaments, 
 

Flow 

Vortex Filaments 

Vortex Generators 

Reflection Plane 

 
Fig. 3.  Blade assembly as seen from the side window. 

 
Fig. 4.  Typical view of the illuminated vortex cores. 

 
published in Reference 4, 

• Self- and mutually-induced motion of co-rotating 
vortices to model those of the wing- and flap-tip on 
one side of an aircraft in their natural states, presented 
in Reference 4, 

• Motion of co-rotating vortices forced to oscillate over 
a range of frequencies, given in Reference 5, 

• Interactions among four filaments consisting of two 
sets of co-rotating vortices to model the complete 
wake of the aircraft, Reference 6.   

 
4.  Conclusion 
 
       These investigations have led to the better 
understanding of the time-dependent motion of such 
vortex filaments.  Prior to this effort, the technical 
literature was void of such information.  Several of the 
flow features that have been observed have also been 
shown to be consistent with previous analytical models.   
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1. Introduction 
 
       In 2003, a study recorded that those aged 55+ years, 
comprising 29% of the total population, accounted for 
17.2% of the online users [1]. Although Internet usage is 
increasing overall, there remain millions of elderly that 
have yet to acknowledge the technology age is upon them. 
There may be a broad spectrum of reasons technology is 
not quickly adopted by older adults, such as computer 
anxiety [2], having little exposure or training to 
technology [3], or simply not understanding the possible 
benefits of use [4]. 

 
       Regardless of age, however, users are rarely 
considered in website design. Thus, many groups and 
researchers have developed comprehensive sets of 
guidelines to improve accessibility such as the Web 
Content Accessibility Guidelines (W3/WAI) and the 
government instituted U.S. Section 508 Guidelines. The 
National Institute on Aging (NIA) and the National 
Library of Medicine (NLM) advanced the above 
guidelines one step further by developing “senior- 
friendly” guidelines that are even more specific to the 
older adult Internet user. In 2002, these two groups 
published Making Your Web Site Senior Friendly: A 
Checklist consisting of twenty-five empirically-based 
guidelines for those websites targeting users 60+ [5]. The 
authors suggest the “implementation of these guidelines in 
web site construction will result in greater accessibility to 
online information for the elderly” and influence future 
willingness to explore the Web and increase enthusiasm 
toward technology. 

 
2. Experiment, Results, Discussion, and Significance 
 
       The objective of this research was to: (1) determine 
how well websites targeting seniors comply with ‘Senior-
Friendly’ guidelines, and (2) determine the relationship 
between a site’s adherence to the guidelines and actual 
user performance and satisfaction with the site. In 
Experiment One, 36 websites designed for older adults 
were evaluated as to how they complied with the given 
guidelines. In Experiment Two, three websites with 
varying guideline compliance levels were evaluated for 
efficiency and usability by older adults. 
 
2.1 Experiment One 
 

       The purpose of Experiment One was to determine 
how current websites geared toward older adults adhere to 
the senior-friendly guidelines. Using heuristic evaluation 
techniques, expert raters identified whether a website 
conformed to the basic principles of usability following 
the NIA/NLM guidelines. Thirty-six websites were 
included in the analysis.  

 
       Each of the twenty-five checklist items were rated on 
a 4-point scale to determine if the “Senior-Friendly” 
guidelines were followed or used by the particular site; the 
scores from all four raters were combined to form a “Total 
Score” comprised of the number of guidelines rated as 
frequently or always present on the website. After the 
total points were calculated, the websites were classified 
into three groups; Most compliant (greater than 70% 
guideline adherence), Medium (between 51-69% 
adherence), and Least compliant to the guidelines (less 
than 50% adherence). The 36 websites’ total scores 
ranged from 13 to 23 points (M= 18.7, SD= 2.68); 22% of 
the websites had 13 -16 points (Least), 47% had 17 to 20 
points (Medium), and 30.5% of the senior websites scored 
21 to 24 points (Most). 

 
       Only seven of the proposed guidelines were scored as 
“frequently” or “always” present at 95% of the sites and 
another four guidelines were only followed by 25% or less 
of the websites. In general, the majority of the sites 
complied with the guidelines related to basic navigation, 
content phrasing, and style. Fewer adherences, however, 
were found for the guidelines specifying text size, text 
weight, line spacing, textual links with graphics, or site 
map availability. The lack of conformity with regard to 
the formatting of the textual content and formatting was 
surprising, given the fact that one of the most fundamental 
guidelines for developing reading materials for older 
adults is to provide enlarged and high contrast text [5, 6]. 
The other guidelines did not appear to be consistently 
present (were lacking) across the different website 
designs.  
 
2.2 Experiment Two 
 
       From each of the compliance groups in Experiment 
One, one website was chosen for further usability testing 
by senior Internet users. The second study tested the level 
of adherence to the ‘senior-friendly’ guidelines influenced 
by perceived usability and preference of the sites by 
targeted users. 
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       Twenty-one participants over the age of 50 were 
selected, mean age was 64.4 years old (SD=10.5, range 50 
to 85). The group was comprised of fourteen women 
(66.7%) and seven men (33.3%) similar to the current US 
male/female ratio for older adults. Participants were tested 
during a one-hour session, in which they were presented 
each of the three websites in a counter-balanced order.  

 
       The tasks asked the participant to: (1) familiarize with 
homepage and content, (2) search the website for 
‘Medicare’ related information; (3) find an email or 
contact number for the website’s 
administrator/webmaster; (4) search site and find specific 
articles and (5) navigate through the site to a specific 
point and return to the homepage. The latter four usability 
tasks were randomized and were developed to test 
different design elements and Internet strategies and were 
the same or similar to allow comparisons across websites. 
After all the tasks were attempted for each website 
condition, participants rated the difficulty of the task and 
filled out the System Usability Scale (SUS); adapted for 
web evaluation [7]. Following the completion of all three 
conditions, the participants were asked which of the three 
websites they preferred and which website they thought 
was the easiest to use. The participants’ performance was 
tracked using ErgobrowserTM, to collect data on search 
accuracy, task completion time, and search efficiency [8]. 

 
       A repeated measures within-subjects design analysis 
of variance (ANOVA) was performed on the dependent 
measures of success or accuracy, efficiency, time to 
completion, as well as satisfaction measured by the SUS. 
Ratings for ‘preference’ and ‘easiest’ website were also 
examined. There was a significant main effect by website 
in order of guideline compliance [F (2, 36) = 4.123, p = 
0.024, partial Eta2 = 0.186] for the number of tasks 
performed correctly, and a significant main effect by 
website (also in order of compliance) on the perceived 
usability scored on the System Usability Scale [F (2, 36) = 
4.264, p = 0.022, partial Eta2 = 0.192]. There was not a 
significant main effect found for any of the other 
dependent measures (efficiency, time or preference). 
Additionally, there was a significant correlation between 
sites rated by participants as the ‘easiest’ and the site 
‘preferred most’ [r = .772, p < 0.001]. 
 
3. Conclusions 
 
       Results from this study indicate that the website 
complaint with the most ‘senior-friendly’ guidelines did 
result in higher task success, but did not result in 
significantly lower time on tasks, fewer number of pages 
visited, or satisfaction.  

 
       These results seem to suggest that strict adherence to 
the senior-friendly guidelines does not always ensure high 

success performance and preference among older adult 
Internet users. Often guidelines are very general and do 
not exhaust all the heuristic principles of design. Perhaps 
identifying only the target audience for a website may not 
be a sufficient method for choosing which guidelines a 
website is designed from. Also, consideration should be 
given to the goals and tasks the user may have when 
selecting a particular site (success-driven versus 
browsing). As the older adult population continues to 
grow, usability and satisfaction of websites, especially 
those targeted toward seniors, will undoubtedly become 
more important. Future research in this area needs to 
address more effective guidelines, user-friendly websites, 
so that there are fewer frustrated Senior Internet users. 
 
4. References 
 
[1] Mediamark Research Inc., 2003, MRI Cyberstats. Available online 

at: http://www.mriplus.com (Accessed November 2003)  
[2] Ellis, R.D., and Allaire, J.C., 1999, Modeling computer interest in 

older adults: the role of age, education, computer knowledge, and 
computer anxiety. Human Factors, 41, 345--356. 

[3] Rogers, W.A., Meyer, B., Walker, N., and Fisk, A.D., 1998, 
Functional limitations to daily living tasks in the aged: a focus group 
analysis. Human Factors, 40, 111--125.  

[4] Melenhorst, A.S., Rogers, W.A., and Caylor, E.C., 2001, The use of 
communication technologies by older adults: exploring the benefits 
from the user’s perspective. Human Factors and Ergonomics 
Society 45th Annual Meeting, (Santa Monica, CA: Human Factors 
and Ergonomics Society).  

[5] National Institute on Aging, 2002, Older Adults and Information 
Technology: A Compendium of Scientific Research and Web Site 
Accessibility Guidelines (Washington, DC: US Government Printing 
Office). 

[6] Bernard, M., Liao, C., and Mills, M. 2001, Determining the best 
online font for older adults. Available online at: http://www.surl.org 
(Accessed January 2005)  

[7] Digital Equipment Corp.., 1986, System Usability Scale (Reading, 
United Kingdom: Digital Equipment Co. Ltd. ©). 

[8] Ergosoft Laboratories, 2001, Ergobrowser®, Version 1.0 (Austin, 
TX: Ergosoft Laboratories©). 

 
 

 106



Traffic Analysis of On-Demand Routing Protocols 
in Ad-hoc Wireless Networks 

 
          R.P. Mann, S. Arbindi, and K. Namuduri 
 
Department of Electrical and Computer Engineering, College of Engineering 

 
 
 

Abstract: This paper presents a statistical analysis to 
estimate the traffic volume (data and routing control 
packets) in ad-hoc wireless networks that use on-demand 
routing protocols. It provides an analytical framework for 
estimating the routing overhead due to mobility and link 
breakage. Detailed analysis is presented for estimating the 
number of control packets (RREQ, RREP and RERR) as a 
function of time, number of nodes, node degree, 
transmission range, mobility of nodes, average hop count 
and link density. The analysis presented in this paper can 
be used for selecting a suitable on-demand routing 
protocol and for designing novel and efficient routing 
protocols for ad-hoc wireless networks. 
 
1. Introduction  
 
       Control Traffic in on-demand routing protocols is 
mainly generated during the route discovery process. 
Three routing control packets used during route discovery 
are route request (RREQ), route reply (RREP) and route 
error (RERR). The ratio of number of control packets to 
the number of data packets transmitted is defined as 
normalized routing load [3]. 

 
   
       For on-demand routing protocols this is an excellent 
performance metric since it evaluates the efficiency of the 
routing protocol. The number of RREQs (NRREQ) 
generated in a single route discovery in terms of average 
degree of node E[d] and mean hop count E[h] is given in 
[2] as follows 
NRREQ = E[d] + E[d] 2 + ........E[d]E[h]                      (2) 
E[h] represents the mean hop count. It can be 
approximately given in terms of E[d] and the number of 
nodes(n) in the network. This paper discusses a detailed 
analysis of control packets generated during routing in 
both DSR and AODV. 
 
2. Analytical Model 
 
A. Normalized routing load in AODV 
       This section derives the rate of routing control 
packets in AODV. The number of route requests (NAODV 

−RREQ) transmitted in a single route discovery process can 
be computed from (2). The number of RREQs can be 
estimated as a function of time (NAODV −RREQ(t)) and is 
given as product of rate of route discovery (rrd(t)) and 
number of route  requests (NAODV−RREQ) generated in a 
single route discovery process. 
NAODV −RREQ(t) = rrd(t) * [NAODV −RREQ] 
= [(1 − PAODV (i)) * C(t) + [1 − [Ai,j(t)] ])[ln(

)ln(
dE

n
] * 

  [n]*[n − 1]] *[E[d] + E[d]2 + .....E[d]E
AODV

 [i]]    (3) 
where PAODV(i) is the probability of route being known by 
an intermediate node i, C(t) are the number of route 
discovery sessions initiated in time t, (1−PAODV (i))*C(t) 
gives the number of new route discoveries, Ai,j(t) is the 
link availability between nodes i and j at time t and is 
defined as the probability that there is an active link 
between them at time t [1], [1 − [Ai,j(t)] ])[ln(

)ln(
dE

n
] gives the 

rate of route validity, [n]*[n-1] gives the  total number of 
routes in the network. 
   For each route discovery the number of route replies 
(NAODV −RREP)    transmitted will be equal to the number of 
hops E[i] between the intermediate node generating 
RREP and the source. Hence, the number of route replies 
NAODV −RREP (t) can be estimated as a function of time as 
follows 
NAODV −RREP (t) = rrd(t)*[E[i]] 
= [(1 − PAODV (i))*C(t) + [1 − [Ai,j(t)] ])[ln(

)ln(
dE

n
]          

*[n]* [n − 1]] * [E[i]]                                            (4)                
   The number of route errors (RERRs) depends on the 
rate of link failure (rlf). The RERR packet is intended to 
be sent to the source from the node with a link failure. 
The average distance between any such node and the 
source can be approximately taken as E[i]. 
NAODV −RERR(t) = E[i]*(rlf  (t)) 

                   = [E[i]]* [
2

][* dEn ] *[1 − Ai,j(t)]        (5)  

  
       The total number of control packets is the sum of 
number of RREQs, RREPs and RERRs. The total  data  
packets sent across the network are computed based on 
the average number of data packets sent per session 
(Daverage(t)). Therefore, 
NAODV −control−packets (t) = NAODV −RREQ (t) 
+ NAODV −RREP (t) + NAODV −RERR (t) 
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Ndata (t) = C(t) * Daverage(t) 

Normalized routing load= 
)(

)(__

tN
tN

data

PacketsControlAODV  

                                                                               -(6) 
B. Normalized routing load in DSR 
       AODV and DSR share the on-demand routing 
functionality and the method of route discovery. In DSR 
the number of RREQs generated for a single route 
discovery is same as AODV and can be obtained from 
(2). The difference in operation lies primarily in the rate 
at which routes are discovered due to the difference in 
number of routes cached by each node. 
 
       In DSR intermediate nodes cache all the nodes listed 
in the RREQ packet in contrast to the AODV’s procedure 
of caching only the next hop. The expression for the 
number of routes cached (RDSR(E[h])) by all the 
intermediate nodes due to a single route discovery session 
in DSR can be given by 
RDSR(E[h])= 
             E[h]+E[d]+2E[d]2+....+E[h]E[d]E[h]              (7) 
      
       The factor 2E[d]2 shows that all the intermediate 
nodes also install the route inserted into the route request 
packet. The route expiry time in DSR is higher than that 
of AODV, the routes cached by nodes will remain in their 
routing table for longer period. Therefore, a new route 
discovery is not required every time a session is initiated. 
The rate of RREQ generation (NDSR−RREQ(t)) can be 
estimated as, 
NDSR−RREQ(t) = (NRREQ) *(rrd) 
= (NRREQ) *([(1 − PDSR(i))*C(t)]+ [1 − Ai,j(t)] ])[ln(

)ln(
dE

n
] 

*[n]*[n − 1]) 
The rate at which route replies are generated is given by 
    NDSR−RREP (t) = [rrd(t)] _ [NDSR−RREP] 
= [(1 − PDSR(i))* C(t) + [1 − [Ai,j(t)] ])[ln(

)ln(
dE

n
] *[E [i] 

*P (i) * n]                                             (8) 
DSR

DSR
The rate at which RERRs are generated is given by 
      NDSR−RERR(t) = NDSR−RERR * (rlf (t)) 

= [
2

][* dEn ]*[1 − Ai,j(t)]*EDSR[i]*PDSR(i) *n        (9) 

The expression for number of control packets for DSR is 
same as that for AODV, therefore equation (6) holds good 
for both AODV and DSR. 
 
3. Quantitative Analysis and Simulation Results 
   
       In this section, the analytical model presented is 
evaluated by assuming realistic values for each of the  
parameters explained in the previous section. The model 
presented in section II is used for estimating the rate of 
control packets for AODV and DSR. Such comparison 

has previously been done experimentally in [3]. Therefore 
this comparison is used to validate the proposed model. 
The values of parameters chosen are n=20, E[d]=3, 
C(t)=10/min, Req=500m, 1/λ=30sec, µ=10kph. The 
normalized load, which is the number of routing control 
packets transmitted per data packets delivered at the 
source is computed based on average data packets 
transmitted per session, Daverage = 1200 packets. 
 

 
    In order to validate and strengthen the quantitative 
analysis discussed above, detailed simulations were done 
using GloMoSim network simulator. 
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4. Simuation Results 
 
       The quantitative analysis presented here gives an 
insight into the proposed analytical model. The simulation 
results show a striking similarity in the trend of 
generation of these control packets and closely follow the 
dependence on time. The analysis presented in this paper 
will be used to develop routing protocols in ad-hoc 
networks that minimize the control traffic such as the 
protocol described in [4]. 
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Mitigation of Voltage Flicker Caused by Resistance Welder 
 

G.B. Singh and W.T. Jewell 
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duction  

like some loads that operate continuously, 
ce welders operate many times each minute and 
 large amount of reactive power (VAR) for short 
 during which little real power is needed. This type 
 causes voltage flicker, which is experienced not 
 the owner of the welder, but also by any other 
customers receiving power from the same 
tion feeder. A shunt capacitor, series capacitor, 
nous condenser and static VAR compensator are 
f the sources of reactive power that can directly 
ted to the system to solve the flickering problem. 
tudy a distribution line with a resistance welder is 
ed using MATLAB Simulink software. Then the 
 flicker in the line is observed. The historical 
curve is used to quantify flicker[1]. Then the 

ion techniques are simulated and their 
eness at reducing flicker is studied. Finally, the 
ution for this problem is proposed.  

riment, Result, Discussion and Significance 

tage Flicker 

torically measured voltage changes have been 
 conjunction with the “flicker curve” shown in Fig. 
he relative change in voltage magnitude (∆V/V) 
e number of changes per minute are used to 
ne if flicker is significant enough to be noticed by 
. This curve is used as the standard in this study.  

 
licker curve [1] 

(b) Resistance Welder 
 
       The resistance welder in the system studied is rated 
480 V, 300 kVA, and has a power factor of 0.2 lagging. 
The source reactance is 2.4 Ω. The welder is modeled by 
a circuit breaker switching a reactive load of 300 kVA, 
power factor 0.2 lagging load. Figures 2 and 3 show the 
system voltage with and without the welder operating. 
 

 
 
Fig. 2 Normal voltage waveform of the distribution line 
 

 
 
Fig. 3. Voltage waveform of  the distribution line due to the 
operation of resistance welder. 
 
       This change is voltage causes observable flickering 
seen by the consumers receiving power from the same 
distribution feeder. 

 
(c)Shunt Capacitors 
 
       The first solution simulated is a 300 kVAr bank of 
three-phase static capacitors directly connected in parallel 
with the welder. They inject leading reactive power into 
the system. The simulation shows in fig. 4 that the shunt 
capacitor can provide the VArs required by the welder. 
But due to the dynamic nature of the welder, when it 
cycles off, the voltage rises due to the shunt capacitance, 
and the problem of flickering remains the same. 
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Fig. 4. Voltage waveform with shunt capacitor. 
 
 (d)Series Capacitors 
 
       Next, 2.25 µF capacitors are connected in series with 
the line. They improve voltage regulation by decreasing 
the line impedance. Fig. 5 shows that the series capacitors 
solve the flickering problem caused by welders. Reduced 
line impedance, however, increases current during faults 
on the system. Series capacitors therefore need special 
protective devices to protect the capacitors and reduce 
short circuit currents. 
 

  
 
Fig. 5. Voltage waveform with series capacitors. 
 
(e)Static VAR Compensator 
 
       A static VAr compensator (SVC) is a reactive power 
generator whose output varies to control the flow of 
reactive power to meet specific operating conditions. 
Unlike shunt capacitors, an SVC has very fast response to 
changes in system reactive power needs. 
The SVC modeled here responds in one-quarter cycle 
with the required VAr. Fig. 6 shows the results when 320 
kVAr is switched in response to welder operation. The 
remaining voltage changes are too fast to be detected by 
the human eye, and the SVC thus solves the flicker 
problem. 
 

 
 
Fig. 6. Voltage waveform of distribution line after using static 
VAr compensator. 

 
 
(f) Synchronous Condensers 
 
       A synchronous machine operating under no load can 
absorb and provide VArs to the system by varying its 
excitation. It feeds positive VArs to the system when 
overexcited, and negative VArs when under excited. A 
machine thus running is called a synchronous condenser. 
The synchronous machine used in the simulation is rated 
0.75MVA. Fig. 7 shows that this synchronous condenser 
is able to solve the flickering problem caused by the 
resistance welder. 
 

 
 
Fig. 7. Voltage waveform of distribution line after using 
synchronous condenser. 
 
3. Conclusion 
 
The Series capacitor, Static VAr Compensator, and 
Synchronous Condenser are able to mitigate flicker 
caused by a resistance welder. The final selection among 
these for a particular case should be based on technical as 
well as financial analyses. 
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1. Introduction 
 
       A breadcrumb trail is a textual representation of a user’s location in a site’s structure, e.g.,  
Home > Furniture > Chairs > Leather Chairs.  Research has reported that breadcrumb navigation improves site efficiency 
[1, 2]. However, when given a choice, users choose the Back button or navigation bar to navigate rather than the breadcrumb 
trail [3]. Lida-Rogers & Chaparro (2003) found that participants who used the breadcrumb trail used the Back button less often 
than users who did not use it; however, no differences were found in other efficiency measures such as total pages visited or 
total time. Participants may not understand the function of the breadcrumb trail as a navigational tool and understanding its’ 
purpose or minimal training might impact usage and/or efficiency [4]. Mere exposure was considered as a means of introducing 
participants to breadcrumb trails. According to Zajonc (1968), if the function of orienting behavior is eventually to change a 
novel stimulus into a familiar one, it is also its consequence to render the stimulus object eventually more attractive [5]. Zajonc 
(1968) states that the mere repeated exposure of the individual to a stimulus object enhances his attitude toward it [5].   Thus, it 
was hypothesized that mere exposure of the breadcrumb trail would influence participants’ use of breadcrumb trail navigation 
during a search task procedure. 
 
2. Purpose 
 
       Participants were randomly assigned to one of three conditions.  Participants in condition I received both exposure and 
instruction to use breadcrumb navigation.  Participants in condition II received only mere exposure to the use of breadcrumb 
navigation.  And finally, participants in condition III received neither exposure nor instruction to use breadcrumb navigation. 
    
3. Methods 
 
Participants 
       Thirty-nine college students (12 males and 27 females) with an average age of 23 (range 18 to 48) volunteered for this 
study. Eighty-two percent estimated spending time on the Internet at least once a day.  
Materials 
       The Wal-Mart® website was chosen for examination as a breadcrumb trail is one method of  
navigation. 
 

 

Figure 1.  Breadcrumb trail used on Wal-Mart® site. 

 
Task Design/Procedure 
       Participants were given a 13- item shopping list of items available at Wal-Mart® online store. Participants were instructed 
to use only the mouse to search and select for items. Also, participants were instructed to find each item and add it to their cart 
in the order listed. 
       Navigational efficiency was measured by the total time participants needed to complete all tasks and  
the total number of pages visited. Ergobrowser™ software [6] collected this data as well as Back, Forward,  
and breadcrumb clicks. An adaptation of the Satisfaction User Survey (SUS) instrument measured  
participants’ satisfaction of the site [7].  
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4. Results 
 
Table: 1 
Average performance data for each condition 
 

Condition I    Condition II        Condition III 
  Exposure &             Mere Exposure        No Exposure or  

Instruction                                                Instruction 
Breadcrumb         9.92 (1.66)              6.07 (4.56)                5.62 (4.75) 
Clicks 
Back Clicks         .31 (.631)                 5.31 (6.97)                5.38 (6.55) 
Total Pages          58.62 (3.99)             65.46 (5.97)             68.77 (5.78) 
Total Time           560.46 (93.01)         724.08 (264.69)       832.54 (170.37)   
(in sec.) 
Satisfaction          86.92 (9.47)             84.04 (8.81)             83.27 (14.01) 
* p < .05 

       Total time to complete search tasks was significant [F (2, 36) = 6.79, p < .01]. Post hoc analysis showed Condition III (no 
exposure & no instruction) to be slower than both Condition I and II. Satisfaction scores did not vary significantly [F (2, 36) = 
.398, p =.675] Overall, participants in each condition were satisfied with the features and usability of the site. 
 
5. Conclusions 
 
       Mere exposure alone did not significantly influence greater usage of the breadcrumb trail than the participants receiving no 
exposure.  Minimal training did affect participants’ usage of the breadcrumb trail and resulted in quicker completion times,  
fewer pages visited, and minimal use of the Back button. Exposure and instruction group completed all tasks 23% faster than 
the mere exposure group, and 33% faster than the no exposure or instruction group.  This could translate into increased 
productivity for employees that use websites with breadcrumb navigation for business, as well as overall time/cost savings for 
the company. Simple exposure combined with verbal instruction during a company intranet training session should be sufficient 
for employees to learn about this time-saving method of navigation. 
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1. Introduction  

 
       In September 2003 Haven Grade School implemented a new discipline plan which emphasized teacher generated 
classroom behavioral expectations and provided students in grades kindergarten through second with a reward system for each 
week’s positive behaviors.  A weekly target sheet was kept for each student on which negative behaviors were noted.  Each 
Thursday the target sheet was sent home with the student for parental review and signature.  (If no negative behaviors were 
noted, the child was permitted to participate in a fun activity the following day, such as watching a movie or outdoor relay 
races.)  Given the amount of resources invested by the teachers and administration in training for the new plan, and the time 
spent within the classroom working with students, the school district wanted to know if the plan was having the desired effects.  
This research was designed to assess how parents felt the discipline plan was working at Haven Grade School.   

 
2.  Methodology 
 
       A 31-item survey instrument was developed.  The survey examined the parents’ involvement with the Haven School 
District, their own discipline beliefs, their personal responses to the discipline plan and how they felt their child responded to 
the discipline plan.  The survey was designed to accommodate parents who had more than one child in grades kindergarten 
through second.  Demographic questions also were included in the survey.    
 
       Of the 101 administered surveys, 57 surveys were returned providing an acceptable response rate of 56 percent.  Three 
distinct research questions were addressed during data analysis: 1) were parents satisfied with the discipline plan being used at 
Haven Grade School?; 2) did parents believe the discipline plan was effective?; and 3) did parents believe the discipline plan 
should continue to be used at Haven?   

 
3.  Conclusions 
 
       Responses to the demographic questions indicated that most respondents were currently married, the biological parents of 
their child(ren) in Haven Grade School, had an average family size of four members, were in the 30-39 age range, had an 
education beyond high school, and had lived in Haven for more than five years.  Most parents believed they disciplined their 
child more frequently than others and that their children were better behaved.  Regarding the discipline plan specifically, 93 
percent indicated the plan was explained to them thoroughly, 87 percent believed it reinforced their own discipline beliefs, and 
more than 91 percent felt the target sheets created by the teachers covered all expected behaviors.  Results for the three 
dependent variables indicated the parents supported the discipline plan’s design and application.  More than 92 percent 
indicated they were satisfied with the plan, 91 percent considered it effective, and almost 93 percent thought that the Grade 
School should continue to use the discipline plan in future years.   
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* Given the small n, data for second children not presented in this table.  
 

Respondent's Perceptions of Discipline and Discipline Plan* 
 

 
 N 

Strongly 
Agree Agree Disagree 

Strongly 
Disagree 

Compared to other children, I discipline my child more frequently. 57 5.3% 52.6% 29.8% 12.3% 
Compared to other children, I believe my child is better behaved. 57 17.5% 59.6% 19.3% 3.5% 
School should play a significant role disciplining children. 57 8.8% 54.4% 28.1% 8.8% 
The discipline plan was thoroughly explained to me. 57 26.3% 66.7% 7.0% 0.0% 
The discipline plan reinforces my discipline beliefs. 56 25.0% 62.5% 12.5% 0.0% 
The target sheets cover all expected behaviors. 57 19.3% 71.9% 8.8% 0.0% 
The discipline plan has increased communication with child's teacher. 57 29.8% 49.2% 17.5% 3.5% 
The good behavior tickets and Friday activities child to behave. 57 36.8% 54.4% 8.8% 0.0% 
Overall, I am satisfied with the discipline plan. 57 35.1% 57.8% 5.3% 1.8% 
Overall, I believe the discipline plan is effective. 57 31.6% 59.6% 8.8% 0.0% 
I believe Haven should continue to use the discipline plan. 55 41.8% 50.9% 5.5% 1.8% 

 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
* Given the small n, data for second children not presented in this table.  
 

Respondent's Perceptions of Their Child's Response to the Discipline Plan* 
 

 N Regularly Often Seldom Never 
Child discusses Friday activity with parent 57 49.2% 36.8% 14.0% 0.0% 
In a typical month, how often child misses Friday activity due to behavior 55 3.6% 5.5% 21.8% 69.1% 
Child looks forward to Friday activities 55 80.0% 14.5% 5.5% 0.0% 
Child views Friday activity as an incentive for positive behavior 57 60.0% 25.5% 12.7% 1.8% 
In a typical month, how often child complains about discipline plan 55 0.0% 1.8% 16.4% 81.8% 
Child discusses Target Sheets before they are sent home 55 14.5% 23.6% 32.8% 29.1%
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1. Introduction                                                                                  2. Experimental data    
                                                           
       Proteases are biological tools used in degrading 
proteins. The human body contains a number of proteases 
to help in metabolism of food particles and may 
sometimes aid in fighting certain diseases. But in certain 
cases these biological tools may be responsible for some 
ailments. One such example is where the secretory 
granules present in mast cells when activated by stimuli 
release a range of enzymes that include histamine, 
tryptase and some other proteolytic    enzymes involved in 
inflammatory reactions [1]. These enzymes are released 
into the space around the cells. The enzyme tryptase, has 
been shown to be involved in certain human inflammatory 
diseases and allergic diseases such as asthma, psoriasis, 
etc [2]. So it is important to develop therapeutic agents or 
drugs that will help treat these diseases. Several inhibitors 
(compounds that reduce the biological activity of the 
enzyme) have been reported recently in the literature.  
Our previous studies using the 1,2,5 – thiadiazolidin-3-
one-1,1-dioxide template (Fig 1) were performed using 
the enzymes human leukocyte elastase (HLE), chymase 
and Cathepsin G [3]. Preliminary enzyme selectivity 
studies showed that this template is a part of a general 
class of inhibitors of a class of enzymes called (chymo) 
trypsin-like serine proteases [4]. So using this template 
and modifying it slightly we were able to show that 
compounds based on this template bearing a heterocyclic 
group are effective inhibitors of tryptase and related 
serine proteases [5]. 
 
                
 
 
 

                            
 
               Fig 1: General structure of inhibitor 

       All the compounds were synthesized using the reaction 
sequence shown in Fig 2. The compounds were purified 
using standard protocol and the pure compounds were 
verified using Nuclear Magnetic Resonance Spectroscopy 
(NMR) and High-resolution Mass Spectrometry (HRMS).  
 
Biochemical Studies: 
 
       The biochemistry of the compounds was studied using 
human tryptase enzyme solution stored in dilute form in 
standard buffer (0.05M Tris buffer containing 0.12M NaCl 
and 0.1mg/mL heparin at pH 7.62). The substrate used to 
assay the enzyme is N-p-Tosyl-Gly-Pro-Lys-pNA (a 
molecule containing the amino acids glycine, proline and 
lysine along with a chromophore (pNA) para-nitro anilide).  
 

 

                        

         
                         Fig 2: Synthesis of inhibitors 
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       The biochemical assay is performed using a UV/Vis-
spectrophotometer that monitors the release of the 
chromophore at 410 nm. All biochemical experiments are 
performed either in duplicates or triplicates to verify the 
results. 
 
       There are specific biochemical methods for studying 
the response of the enzyme when mixed with inhibitors. 
They are called time-dependent loss of enzyme activity 
assay and progress curve method [5]. 
 
       The inhibitors were also tested with another enzyme 
called trypsin in order to compare the activity of the 
compounds with the two enzymes. Similar biochemical 
procedures were followed. 
 
3. Results and Discussion 
 
       Human tryptase is a trypsin-like serine protease that 
is stored in the mast cells. Similar to trypsin, tryptase 
prefers a lysine or arginine residue as its recognition unit. 
But unlike trypsin, tryptase is a tetrameric glycoprotein 
with four identical subunits and each subunit bears an 
active site. Human lung tryptase shows 50% homology 
with trypsin and has similar preference for recognition 
units. Unlike trypsin, the body has no endogenous 
inhibitors for tryptase. Based on certain studies using 
leech-derived tryptase inhibitor (LDTI) and turkey 
ovomucoid inhibitor (TOMI) the template was designed 
and the inhibitors were synthesized. These inhibitors of 
tryptase are mechanism based inhibitors, i.e., the enzyme 
is completely inactivated by these inhibitors using a 
certain mechanism of action. From the various 
biochemical studies these compounds are highly effective 
inhibitors of tryptase. The enzyme selectivity of these 
inhibitors is low when comparing the activity of the 
compounds between tryptase and trypsin (Table 1).  But 
the subtle differences in their active sites can be exploited 
to optimize the selectivity.  
 
     Table 1: Inhibitory activity of compounds 9-11  
    Inhibitory activity is represented as kinact/KI M-1 s-1  
(Larger numbers indicate better inhibitory activity of the compound) 

 
 
       Inactivation occurs when the formation of acyl 
enzyme arises from the nucleophilic attack of the active 
site serine (Ser-195 residue) on the carbonyl carbon of the 
inhibitor to form a tetrahedral intermediate which 
collapses and is subsequently hydrolyzed to the inactive 
acyl enzyme. (Fig 3) 
 

 
              Fig 3: Postulated mechanism of action 
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1. Introduction 

 
       Distributed generation (DG) is an emerging technology used to provide electric power at or near a load site. Interest in DG 
is growing due to transmission congestion and difficulty in siting, financing, and adverse environmental impacts of traditional 
resources. DG includes such technologies as microturbines, gas turbines, fuel cells, and renewable energy sources like 
mini/micro hydro, wind, and photovoltaics. The broader category of distributed energy resources (DER) includes storage 
technologies, such as batteries and flywheels. Most electric distribution systems are designed and developed for a single, central 
source, and therefore, special requirements for connecting DG to the utility system are critical for ensuring its safety and 
reliability. This research paper develops models of distributed generators and the DG interface to the distribution system. 
 
2. Interconnection Barriers and Requirements 
 
       Several barriers are encountered when attempting to interconnect DGs to a grid. Past and present on-site case studies have 
identified some of these including technical, business-practice, institutional, and regulatory barriers [1]. Technical requirements 
are related to performance, operation, testing, safety, and maintenance of the interconnection. The interconnection box should 
be able to handle constraints defined according to established standards and codes, including IEEE 1547, IEEE 519, 
NEC/NFPA, NESC, and UL 1741. 
 
3. DG Impacts and Distribution Systems 
 
       The injection of DG into an existing distribution system significantly affects real-time system operation and control. Most 
distribution feeders are energized centrally and operated in a radial configuration with power flowing away from the substation. 
Inserting a DG may reverse the power flow and cause stability problems in the system. Both positive and negative impacts 
result from interconnecting a DG to a distribution system. 

4. System Modeling 

Feeder Modeling 

       Distribution feeder modeling involves a wide variety of numerical calculations and technical evaluations. The IEEE 13 
node test feeder [2], used in this study, is small and short; hence, the analysis is somewhat different from the longer distribution 
system and completely different from transmission-level analysis. The lumped pi-model is used to model short lines. Carson’s 
equations and Kron reductions are used to obtain the sequence impedances of lines [3]. Loads on a distribution system can be 
modeled in variety of ways. Some of the common models are constant real and reactive power, constant current, constant 
impedance, and combinations of all of these.  

Microturbine Generator and Fuell Cell  Models 
 
       Generally, most microturbine systems use two-pole permanent magnet synchronous machines [4]. As the frequency of the 
power from the generator is very high, in the range of 1.4 to 4 kHz, an ac-ac converter is used to transform to the desired power 
frequency. In the study model, a constant value of angular speed (ω, rad/s) and mechanical torque (Tm, N.m) are assumed.  
 
       The electro-chemical process in a fuel cell produces dc power. A dc-ac converter produces the ac needed by the distribution 
system. In this study, the high-temperature natural gas Solid Oxide Fuel Cell (SOFC) is modeled [5]. 

Interface Model 
       A DER can be operated either in parallel with a grid or on a switched, rollover basis [6]. The proposed universal 
interconnection model may be capable of connecting all types of DERs to the power system as well as to its own load. 
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5. Simulation Cases and Results 
 
       In this study, the technical impact of DG on system voltage regulation and loss reduction are analyzed. Models of 
microturbines and fuel cells are developed using SimPowerSystem in Matlab software, and the impact studies are observed in 
two commercial software environments: WindMil, and PowerWorld Simulator. Selected simulation results are provided in the 
Tables 1 and 2. 

 
Table: 1 WindMil simulation summary of unbalanced voltage drop and loss 

No Generator With Generator 
Nodes PhaseA,V PhaseB, V PhaseC, V Losses PhaseA,V PhaseB, V PhaseC, V Losses 
SubStation 126.1 126.1 126.1 kW kVAr 126.1 126.1 126.1 kW kVAr 
Sec650-632 120. 61 122. 93 122.90 120. 75 123. 07 123.05 
Sec671-680 116.33 123. 28 119.69 127 434 116.66 123. 59 120.05 121 412 

 
Table: 2 PowerWorld simulation summary of generation and loss 

 No Generator With Generator 
 MW MVar MW MVar 
Load 560.0 230.0 560.0 230.0 
Generation 589.6 525.5 570.4 333.7 
Losses 29.55 295.51 10.37 103.67 

 
6. Conclusion 
 
       The key modeling factors and established-industry standards for the integration of distributed energy resources have been 
presented and discussed. Test simulations presented in this study show the impacts of a DG on voltage regulation and loss 
reduction in a power system. The SimPowerSystem library provides various electrical components that can be used to develop 
user-defined modules to obtain the best results. Although PowerWorld and WindMil do not have detailed models available for a 
DG and do not allow a user to develop models of the types developed in this research for fuel cell and microturbine, they are 
more user-friendly and can be applied to understand DG impacts on distribution and transmission systems respectively. 
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1.  Introduction 
 
       Standardized tests are extremely important in this day and age. These tests are used for everything from programs like “No 
Child Left Behind” and “Race to Read to Learn” to hiring programs at large corporations. It is for these reasons that it is vital to 
know whether standardized tests are biased against minorities, specifically black students. 
In the past, black and white students have been shown to perform differently in standardized tests, but what are never fully 
discussed are the factors behind this apparent racial difference. Is it simply because of the race of the student, or do other 
aspects of life affect how a student performs? 
 
       Numerous studies have been written looking at test scores and the effects of race. The main theories are those of student 
role performance, school effects, and family structure. Some studies are based on student role performance, which studies how 
the student is evaluated on the performance of the student role. Other studies are concerned with school effects, which looks at 
items such as private versus public schools, ratio of students to teachers, number of single parent families in the school, and 
percentage of minority students. Still other studies are concerned with family influence, with such variables as family size, 
socioeconomic status, and number of older siblings.   
 
       Student role performance, school effects, and family background are looked at to give a holistic view of the student and 
their scores on the standardized test. This paper studies student achievement in eighth grade by race while controlling for other 
characteristics of the student’s life. The National Educational Longitudinal Study of 1988 is used to compare black and white 
students’ standardized test scores to compare these factors. 

 
2. Methodology and Results 
 
       There are three factors affecting the dependent variable of test scores. These are the categories student role performance, 
school effects, and family variables. Within each group are several hypotheses to be tested. For student role performance the 
two are: Students that complete more hours of homework will have higher test scores and students that regularly miss class will 
have lower test scores. The two hypotheses for school effects are: Attendance at a public school will result in lower test scores 
and lower white to black student ratios will result in lower test scores. The last hypothesis deals with family variables: Children 
from families with a high socio-economic status will have higher test scores.  
 
       An ordinary least squares (OLS) regression will be run to create the multiple regression tables. The variables are compared 
to the independent variable, net of other factors. This allows for comparisons to be made both across groups and within groups. 
A modified Chow test of difference will be used to determine effect size between the black and white student groups. The 
ordinary least squares (OLS) regression table is regressed on test scores. The saturated model is statistically significant, 
explaining 42% of the variance. Net of all other factors, being a black student lowered scores significantly (-4.550). 
 
       Deviance is predicted to have a bigger effect on white students, because students of other races will simply quit school, this 
did show as predicted (-5.014 vs. -3.555). White students had lower test results if they were handicapped in any manner (-3.987 
vs. -2.160). A common theory is that spending more time on homework would result in higher test scores. This was true for 
both races with black students having slightly lower test scores (0.199 vs. 0.341). Getting held back a grade resulted in lower 
scores for white students (-6.618 vs.  -4.407). 
 
       Public school attendance resulted in lower test scores, but was better for white students (-1.036 vs. -3.140). This was still 
worse than if the student attended a private school. It has been studied how schools need to have a majority of white students to 
have higher test scores. In this study the percentage of minorities in the school affected black students more, but there was no 
meaningful difference. Attending a school with a large percentage of students in single parent homes affected white students 
negatively, but black students positively. 
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       Being a member of a large family negatively affected both white and black students, but was worse for white students. 
Family SES had positive effects for both groups, but was greater for whites (0.156 vs. 0.097). Many have theorized that having 
older siblings benefits younger students, but test scores were lower for both groups, with white having a larger drop. 

 
 

OLS Regression Analysis
Full Sample White non-Hispanic Black non-Hispanic

Variables: unstd. 1 std. unstd. 1 std. 2 unstd. 1 std.
Independent Variables:

Student Role Performance Factors:
black (0,1): -4.550 *** -0.128

female (0,1): -0.340 ** -0.013 -0.459 -0.018 0.200 0.011
deviant (0,1): -4.850 *** -0.188 -5.014 *** -0.198 ^ -3.555 *** -0.171

handicap(0,1): -3.748 *** -0.114 -3.987 *** -0.123 ^ -2.160 *** -0.091
# of hours spent on homework per week: 0.333 *** 0.120 0.341 *** 0.128 ^ 0.199 *** 0.082
# of times school missed in past month: -0.383 *** -0.046 -0.406 *** -0.049 -0.285 ** -0.051

held back a grade (0,1): -6.116 *** -0.201 -6.618 *** -0.210 ^ -4.407 *** -0.225

School Factors:
public school (0,1): -1.272 *** -0.033 -1.036 *** -0.028 ^ -3.140 *** -0.085

ratio of students to teachers: -0.096 *** -0.033 -0.099 *** -0.035 -0.042 -0.019
# of school rules from 0-8: -0.132 * -0.016 -0.113 * -0.014 -0.158 -0.021

% minority students in school (0,1): -0.022 *** -0.046 -0.022 *** -0.031 -0.030 *** -0.094
% in single parent home (0,1): -0.004 -0.006 -0.010 * -0.013 0.008 0.020

Family Factors:
size of family: -0.115 * -0.012 -0.131 * -0.013 -0.119 -0.020

family SES: 0.149 *** 0.328 0.156 *** 0.342 ^ 0.097 *** 0.264
# of siblings older than R: -0.206 *** -0.023 -0.242 *** -0.027 -0.071 -0.013

(Constant): 68.837 *** 68.738 *** 65.027 ***
Adjusted R-sq. 0.420 *** 0.377 *** 0.282 ***

1=***p<0.001; **p<0.01; *p<0.05
2=significant difference between whites and blacks at the .05 significance level

 
 
3.  Discussion 
 
       It was hypothesized that for this model students that spend more hours on homework will have higher test scores, students 
that are absent from class regularly will have lower test scores, attending a public school will result in lower test scores for 
students, a lower white to black student ratio will result in lower test scores, and children from families with a high socio-
economic status will have higher test scores. 
       
       All of these hypotheses were supported by this research, some more than others. Homework significantly increased test 
scores for the full model as well as both segments. Missing school lowered test scores by a significant amount for all groups. 
Attendance at a public school significantly lowered test scores for all groups, and there was a sizeable difference between black 
and white students. Schools with a high percentage of non-white students resulted in significantly lower test scores for all 
groups. Students from families with a high SES had higher test scores with significance at all levels, but a large difference 
between black and white students. 
 
       Looking across the OLS table, some differences are obviously showing that black students fare worse than white students, 
such as attendance at a public school. Other variables seem to point to white students being worse off such as that of handicap 
level. It is only when all factors are taken into account together that a full picture can be seen. In this case, it points to black 
students having lower test scores, net of all other factors.  
   
       Policies need to be put into place to assist students, especially black students, which have been held back a grade. This is 
the most important variable in the black non-Hispanic model. It is only slightly less important to the white non-Hispanic 
students. Deviance also needs to be addressed for the black students, as it is the second most important variable. White students 
are affected the most by the family’s SES which is not easily changed. They would also benefit from programs to assist those 
held back and reduce the deviance.  
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1. Introduction 
 
       Cruelty towards women has increased enormously in Bangladesh and has become an important social problem. Violence 
against women in Bangladesh appears in myriad forms such as rape and sexual harassment, psychological abuse, domestic 
violence, dowry killings, trafficking, forced prostitution and acid throwing []  Surprisingly Acid attacks on women and girls 
have risen dramatically in Bangladesh especially in the last few years.  There were 130 cases of acid attacks in 1997 and in 
1998, there were over 200 reported cases. In 2001, total 341 cases of acid attack were reported by ASF whereas in 2002, that 
number increased to 485[].The purpose of my research is to investigate why acid attacks on women are on the rise by 
examining the socio-cultural scenario of Bangladesh.   

 
2. Result, Discussion and Significance   
 
       The descriptions and interpretations of acid violence in Bangladesh are derived from interviews with acid survivors, 
relatives, and people from government and non-government organizations (NGO). Additionally feminists, doctors and 
journalists who are taking a prominent role in the movement against acid violence in Bangladesh were interviewed.  
 
       Acid is now being used as a weapon of choice to disfigure and kill females.  Acid is inexpensive and easily available; a 
glass of acid goes for only taka ten-twenty (less than ten cents) in Bangladesh which can be bought from weavers, tanneries, 
auto shops, glasses and Hardware Stores, school laboratories and colleges and  goldsmiths[].  Acid attacks have traumatic 
consequences: physically, psychologically, and socially.  When acid is thrown onto somebody it feels like water. Acid wets the 
body and a burning sensation begins that gradually increases intensity. The affected skin becomes black and leathery. Usually 
the perpetrator attempts to disfigure the face, eyes, nose and genital organs[]. Nitric and sulphuric acid are mostly used for this 
heinous purpose. Those cause skin tissue to melt and in some cases the bones underneath are left exposed and sometimes 
dissolve. Acid attacks leave victims permanently scarred and often blinded. . Additionally, a disfigured girl or woman bears a 
physical stigma that makes her liable to public suspect and questions her moral integrity. Thus victims’ family honor and 
prestige also get stained. Survivors experience a dramatic change in their lifestyle. Many stop their education and work during a 
lengthy recovery due to the injury.  
 
       Rejection of love offers, refusal of indecent proposals, vengeance, family disputes, dowry, land disputes, political conflict 
are some of the causes of acid throwing. There are some common factors in many cases. The girl is usually a teenager. The 
targets are primarily females between twelve and twenty five years of age, though recent trends have shown a change in the 
profile of the targets with older women, children and even men being attacked. Many girls were students and met their 
aggressors on the way from or to school. The attacks often took place at night at the girl's house and in some cases the attacker 
announced his threat. All of this was often planned in advance []. 
 
       Why women are getting attacked by acid is a complicated question. As a matter of fact, women in Bangladesh have a lower 
status in nearly all aspects of life. Socially, women become vulnerable to violence due to their subordinate positions in power 
relationships sustained between men and women by kinship structures, patriarchy, class, and ideology. The vulnerable situation 
of women often can be triggered by nation- state and sometimes by international economic systems. Acid attacks on women are 
not a result of any single phenomenon. I believe acid attacks are outcome of many social factors. There is a growing tendency 
towards acceptance of violence in the society of Bangladesh mainly due to certain socio-political factors, such as poverty, 
unemployment, illiteracy corruption and so forth. patriarchal gender ideology and gender relations updated for postmodern 
period in all the social structures, including family, community and the state; increasing poverty and adverse conditions brought 
about by changing socio-economic process[]; Society’s basic reluctance to drastically change patriarchal laws and politics 
which perpetuate male dominance over women. The gender issue is engrained in the society. The situation is more complicated 
in Bangladesh as the country is crippled with illiteracy, ignorance and wide-ranging discrimination against women. Under this 
situation, the male has got a new from of freedom. Particularly, if this group of men happens to be the members of a political 
group. Violence in Bangladesh is a means to solve disputes of various kinds. As a weak state, the law and order situation is not 
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sound in the country. Nevertheless, due to corruption in every level of society, perpetrators often stay away from punishment. 
As a result women suffer lifelong injuries and mental anguish.   
 
       There are three main patterns of acid attacks. The first one, refusal of love or marriage proposal can be understood in 
relationship to gender relations. The second pattern of acid violence is clearly connected to marital relations, domestic conflict 
and the hierarchies of command inside the family. The aggressor is usually the husband backed by other in-laws or an ex-
husband. The motives are generic quarrels, jealousy, disobedience, and dowry. Many victims were attacked by their ex-
husbands since women after divorce often become the victims of acid violence or other physical and sexual assaults. Even after 
divorce, ex-husbands do not want to lose the right to control a woman. He expects that his ex-wife must fulfill his sexual urges 
whenever he demands. If she does not agree, the result is battering or acid throwing. The third pattern of acid violence concerns 
cases of disputes over land between different families. The rationale of throwing acid on women belonging to a rival family 
may be understood by referring to the cultural value of honor, izzat. This word izzat (honor) is often heard in men’s talk, 
particularly when the discussion is about conflict, rivalry, and struggle. A family’s izzat must be preserved at all costs and 
increased whenever possible and “if the honor of a family’s women is lost, so also is the family’s entire public position” []. 
Therefore the best way to insult a family is to diminish the honor of the women of that family. 

 
3. Conclusion 
 
       Acid violence in Bangladesh is the reaction to rejection, while men are trying to have either love or sex with females. 
Women and girls are causing damage to the male ego by rejecting the male or damage to desire; desire to have somebody or 
something (as in some cases property or dowry are involved). Women’s refusal is an insult to men’s sense of izzat (honor). 
Resulting which jilted men throw acid on women. The motivation of acid attack is mainly revenge. In Bangladesh, an exchange 
of looks, or just the fact that a man likes a woman, means to him that she is obliged to like or love him. Men take acid not just 
as a weapon to treat a disobedient woman but to teach her a lesson for the rest of her life. Thus it is obvious that acid attacks on 
women have increased due to socio-economic-political factors as in Bangladesh as discussed in the research. Lack of awareness 
and education are also responsible for diminishing morals of people.   
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 Abstract An energy aware, collaborative tracking 
algorithm is proposed for ad-hoc wireless sensor networks 
consisting of randomly distributed low-end sensors and a 
high-end data gathering node which is geometrically 
located at the center of each cluster. The collaborative 
tracking algorithm is implemented distributively by 
passing sensing and computation operations from one 
cluster to another. The network lifetime is maximized by 
choosing active sensors according to an energy-based cost 
function. Simulation results for both single and multiple 
simultaneously active sensors have also been preformed. 
Performance is evaluated based on both tracking error and 
energy consumption of the whole network. 
 
1. Introduction 
 
       An ad-hoc wireless sensor network consists of a set 
of randomly distributed sensors that communicate with 
each other over a radio link. In this paper, we focus on 
such an ad-hoc wireless sensor network deployed for 
collaborative target tracking. The sensors in this network 
are assumed to have finite sensing radii and hence the 
network can conveniently be divided into multiple 
clusters. An active cluster in such a network is defined as 
one in which a moving target of interest is currently 
present. For simplicity, the moving target is assumed to 
be on the same plane on which the sensors are located and 
only an active sensor is expected to detect and track the 
target. All other sensors will be in an idle mode so as to 
save the energy [1].  
 
       Most often sensor nodes in an ad-hoc wireless sensor 
network are battery driven. The power management one 
of the most challenging problems in such networks. Thus 
design of energy-aware collaborative signal processing 
algorithms is important in order to maximize the lifetime 
of such sensor networks. 
 
       In this paper, a collaborative tracking algorithm is 
developed for such a wireless ad-hoc sensor network 
consisting of randomly distributed low-end sensors. Every 
cluster of sensors is assumed to have a high-end sensor 
that acts as a data gathering node and communicate with 
all the sensors in its cluster to collect observations from 
them. Only this data gathering nodes is able to 
communicate with a base station and other data gathering 

node in the network. The proposed distributed collaborative 
algorithm is based on the total energy consumption of the 
sensor network, in which the active sensors at each time 
instant are chosen by a data gathering node in order to 
minimize the total energy spent by the network. The data 
gathering node decides the next set of active sensors based 
on a cost function calculated by taking into account energy 
requirements for communication and sensing.  
 
2. System Model 
 
       We assume that the target movement can be modeled 
by a discrete-time, linear, dynamical system perturbed by 

additive noise. Let )
2

)(( ttx τ
−v

be the state of the target at 

time t which consists of the position and velocity. We can 
then model the target movement as, 

xr (t-
2
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2
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2
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where ur is the state noise which is assumed to be zero-mean 
with covariance matrix Q, T is the sampling time and is the 
system matrix A. 

The observation vector with M active sensors can 
be written as,  

)
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where mt)(τ and are the time delay and Doppler 
measurement by the m
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model is then, 
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where C is the observation matrix and v is the observation 
noise which is assumed to be zero-mean with covariance 
matrix R. 

v

 
       We develop a distributed tracking algorithm based on 
the Kalman filter which recursively updates the estimate of 
the state vector by processing successive measurements. It 
should be noted that this Kalman filter is implemented 
distributively in that as active cluster changes the Kalman 
filter computation changes from one data gathering node to 
another. When the leadership is passed from one cluster to 
another cluster, the Kalman filter at the next leader sensor is 
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initialized with the predicted state obtained from the 
previous leader sensor. 

 
3.  Energy-Based Multi Sensor Collaboration 
        
       The data gathering node chooses the set of active 
sensors at each time instant t so that the total energy spent 
by the whole network is minimized. Let S be the set of 
indices of all the sensors in the active cluster and A be the 
set of indices of the current active sensors. Then the 
energy-based active sensor selection algorithm can be 
written compactly as: 
 
Initialization: A = • 
for i Є S 
CT (i) = (PL / r) |SiT|2β + Pd |SDSi|α
end, 

TC~  = sort (CT ), 
for m = 1 : M 

A = A U TC~  (m) 
end, 
 
where U denotes the union of sets , Φ is the empty set and 
CT total energy cost incurred by the whole network. 

 
       The total energy spent by the network at each instant 
is the sum of the sensing (Esensing) and the communication 
(Ecomm) energies: 

 
ETotal = Esensing + Ecomm 

 
4.  Simulation results 
 
       We simulate an ad-hoc wireless sensor network of an 
area 1000 X 1000 m2 which is divided into 100 clusters of 
equal area. The entire sensor network 1000 randomly 
distributed low-end sensors and 100 data gathering nodes 
located at the center of each cluster. It is assumed that at 
each time instant only the M-active sensors in the network 
measure the time delay and the Doppler shift 
corresponding to the target. The sampling interval T is set 
to 1 and M=3 in the following results. 
 

 

Fig.1. Target Position Error with Multiple Active Sensors 
versus Single Active Sensor. 
 

 
Fig.2. Percentage of Energy Savings for Single Active 
Sensor versus Multiple Active Sensors. 
 

From Fig. 1, we can observe that the proposed 
energy efficient collaborative tracking algorithm with 
multiple active sensors can achieve smaller error values 
compared to a similar algorithm with only a single active 
sensor. From Fig. 2 we can see that about 48 % - 65% of 
energy is saved by using the multiple active sensors and 
17%-66% of energy is saved by using a single active sensor. 

 
5. Conclusion 
 
       In this paper, we presented an energy-aware 
collaborative tracking algorithm and a method to compute 
the achieved energy efficiencies for a wireless ad-hoc sensor 
network. The proposed energy-based distributed tracking 
algorithm attempts to reduce the total energy consumption 
of the whole network (as against that of a particular sensor) 
in order to maximize the life time of the total network.  
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1.  Introduction 
 
       Recently, there has been a great interest in understanding the mathematics behind  fractal sets such as the Mandelbrot set 
and Julia sets of rational maps on the Riemann sphere. The analysis of these complicated sets and structures lies in the 
interplay of  the disciplines complex dynamics and fractal geometry which are  important areas of contemporary mathematical 
research. Major goals are to understand the long-term behavior under iteration of the typical points in the phase space and to 
calculate the size of these points in terms of their Hausdorff dimension. In this work we present some recent results 
concerning the size of the set of points for which the Birkhoff images do not converge. These points are usually called 
divergence points. Our main result is that in the case of expansive rational maps, and more generally for NCP rational maps, 
the set of divergence points has the same Hausdorff dimension as the Julia set of the rational map itself.  
 
2.  Significance 
 
       Consider a rational map f on the Riemann sphere. In this paper we study the size of the set of points for which the 
Birkhoff sums with respect to a non-trivial observable do not converge. We call these points the divergence points of f. It 
follows from Birkhoff's Ergodic Theorem that the divergence points have zero measure for every f-invariant Borel probability 
measure.  This indicates that the set of divergence points is a rather small set.  On the other hand and somewhat surprisingly, 
we are able to prove in this paper that the set of divergence points is large in the sense of Hausdorff dimension. Furthermore, 
we show that under some mild assumptions on the rational map the set of divergence points is as large as possible. Our results 
extend previous work on hyperbolic maps to the case of non-hyperbolic systems for which the theory of divergence points is 
poorly understood.  
 
3.  Results 
 
       Our main results are the following: 
 
Theorem 1. Let f  be a rational map on the Riemann sphere and let D denote the set of divergence points with respect to a non-
trivial observable. Then the Hausdorff dimension of D is greater than or equal to the hyperbolic dimension of f. In particular, 
the Hausdorff dimension of D is strictly positive. 
 
Corollary 2. Suppose f is a NCP rational map. Then the Hausdorff dimension of D coincides with the Hausdorff dimension of 
the Julia set of f. 
 
Theorem 3. For every holomorphic family of structural stable rational maps, the hyperbolic dimension depends continuously 
and plurisubharmonically on the parameter of the map. 
 
 
4.  Methods 
 
       The proofs of these Theorems involve the application of tools from several areas of mathematics such as smooth ergodic 
theory, hyperbolic dynamics and the thermodynamic formalism. The main idea in the proof of Theorem 1 is to consider 
typical points associated with two distinct ergodic  f-invariant measures and then to clue these points together in such a way 
that one obtains divergence points of the same Hausdorff dimension as the corresponding typical points. To prove Theorem 3 
we construct a one-parameter family of invariant measures such that their entropies are constant while their Lyapunov 
exponents depend harmonically on the parameter. 
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1. Introduction  
 
       To improve the understanding of intrinsic uranium chemistry, and in particular the chemistry of species in higher oxidation 
states, we and others have been exploring the use of electrospray ionization to generate mono-positive uranyl-ligand cations for 
subsequent gas phase studies. In this study, ESI was used to generate mono-positive gas-phase complexes containing the uranyl 
ion and OH-, Cl-, Br-, I- or ClO4

- and coordinated by solvent molecules. The multiple-stage collision-induced dissociation (CID) 
pathways of the complexes were then investigated using ion-trap mass spectrometry.  
 
2. Experiment 
 
       The ESI and CID experiments were conducted using a Finnigan LCQ-Decaa ion-trap mass spectrometer.  UO2Cl2, UO2Br2, 
UO2I2 and UO2(ClO4)2 were prepared by combining solid UO3 and the respective strong acids.  1 mM stock solutions for ESI 
were prepared by dissolving an appropriate amount of uranyl salt (uranyl halide or perchlorate) in distilled/deionized H2O. 
 
       Ion formation was carried out at atmospheric pressure at ~25°C.  The ion trap mass spectrometer was operated at a pressure 
of ~1.5 x 10-5 Torr.  Helium was used as the bath (to assist collisional cooling and ion trapping) and collision (for activation of 
accelerated precursor ions) gas. CID was executed using ion isolation widths of 3-8 mass units, depending on the particular 
complex isolated, activation amplitudes of 10-20% (of 5V) and activation times 30 msec. ESI can be used to generate gas-phase 
complexes with general formula [UO2A(S)3]+, where A=Cl, Br, I or ClO4

-, S=H2O, CH3OH or CH3CH2OH.  
 
3. Results and Discussion 
 
       The ESI mass spectra can be generated using the solutions prepared by dissolving the uranyl perchlorate and uranyl 
bromide solids in deionized H2O. Solution, whether its uranyl chloride or iodide complex all generate abundant singly charged 
complexes with the general formula of [UO2A(H2O)n]+, where A corresponded to the respective anions including (hydroxide) 
and n = 1-3. When multiple-stage CID were performed on complexes with the general formula with A being bromide, chloride, 
and perchlorate similar observation were seem. Only the bromide and perchlorate complexes showed a tendency to generate the 
bare [UO2ClO4]+ species. In general the observed trend with respect to the formation of the uranyl-anion complex does not 
correlate with calculations of UO2-A bond distances or coordination energies with in bis-complexes.  
 
       Uranyl-halide complexes can also coordinate with alcohols to be further investigated by multiple-stage CID. The loss of 
HCL and HBr from the [UO2Cl(H2O)]+ and [UO2Br(H2O)]+ respectively, to form[UO2OH]+ suggested the possibility of an 
intra-complex proton-transfer form bound H2O to Cl or Br. Such a proton-transfer process is not without precedent, and has 
been observed during the CID of gas-phase alcohol complexes incorporating Pb2+. The apparent elimination of HA, rather than 
H2O, in the present experiments is somewhate counterintuitive given the relative strengths of HClO4, HCl, HBr, and H2O as 
acids. To explore further the possible infuence of relative acidity and strength of donation by O-containing ligands on the 
tendency to eliminate HA from the gas-phase complexes, we generated uranyl-halide complexes coordinated by methanol or 
ethanol from solutions of the uranyl-halide compounds dissolved in 50:50 mixtures of H2O and respective alcohols. Because 
the gas-phase acidities (∆acidG298) are 1571.1 and 1557.7 kJ/mol for CH3OH and CH3CH2OH (again compared to 1605.3kJ/mol 
for H2O11), we reasoned that the tendency for intra-complex proton transfer would increase for ions containing coordinating 
alcohol ligands. Our hypothesis was the a the composite influence of increased acidity and electron donation by the alkoxides 
would manifest itself in an increased tendency to eliminate HCl, HBr, HI or HClO4 at early CID stages (MS/MS and MS3) 
particularly when compared to CID of the complexes containing H2O ligands. After MS CID of these complexes, the general 
trend for the elimination of neutral acid relative to alcohol increased as H2O < CH3OH <CH3CH2OH. This observation supports 
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the hypothesis that the strength of the coordinating ligand as a proton donor may, in part, drives the tendency to eliminate the 
coordinating halide as part of a neutral acid molecule. It is also likely that the free energy change for the reaction is guided by 
the UO2

- anion and UO2
-alkoxide bond energies.  

 
Figure 1: Generation of  [UO2A(H2O)3] + Complexes 
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4. Conc s 
 
       Th al goal was to use ESI to generate gas-phase [UO2A(H2O)3] + complexes with center atom A being NO3

-, ClO4
-, 

and Br- in figure one for subsequent ligand-addition studies, by way of the CID of precursor complexes with the general 
formula. Multiple stage CID of the complexes showed that the preferred dissociation pathways were the elimination of neutral 
H2O ligands and the elimination of HA. During the experiment we found that [UO2A]+ was formed only from the bromide and 
perchlorate versions of the hydrated complexes. CID of the chloride and iodide versions instead led ultimately to formation of 
[UO2OH]+ and UO2

+.  The formation of [UO2OH]+ was also observed to a lesser extent following CID of the bromide and 
perchlorate complexes. In general, the tendency to generate [UO2OH]+ via the elimination of HA complex does not correlate 
with calculations of UO2A bond distances or coordination energies within bis-complexes but instead follows the trend in 
calculated proton affinities for UO2Cl2, UO2Br2 and UO2I2 complexes, respectively. 
 
       The loss of acid became more pronounced when coordinating H2O was replaced by CH3OH or CH3CH2OH, consistent with 
a hypothesis that the reaction is influenced by a combination of the relative acidities of the ligands and the strength of uranyl-
ligand bonds.  The relative trends match those expected based on experimental values for the gas-phase acidity of H2O and the 
alcohols, and calculated bond lengths and energies for bis-uranyl comlexes.  However, to the best of our knowledge 
experimental values for intrinsic UO2-O bond energies for complexes including H2O or alcohol ligands are yet to be reported.  
Use of deuterated solvent allowed the preparation of complexes in which the alcohol ligands containing –OD groups.  CID of 
these species showed the preferred elimination of DA rather than HA, which supports the hypothesis for intra-complex proton 
transfer during the reaction to eliminate the neutral acid. 
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1. Introduction 
 
       Atrazine is one of the most frequently applied triazine herbicides in the United States.  Although it has been considered to 
be benign to most animals, there are several studies that have indicated that it may have significant impact even when present at 
environmentally realistic levels in temporary breeding habitats of amphibians, especially adjacent to agricultural fields. 
 
       In Xenopus laevis, a sentinel species used for toxicological assays, exposure during development delayed time to 
metamorphosis and reduced body size, potentially increasing the risk of predation and reproductive fitness as adults [1].  
Exposure during development has also been reported to demasculinize X. laevis and reduce testosterone levels in adult males 
[2], as well as cause an increase in the percentage of females and the development of hermaphrodites and males with multiple 
testes at levels of atrazine that are environmentally relevant [3].  There also remains the concern that there are potential negative 
reproductive effects that are not evident by observing morphology alone.  Atrazine exposure caused an increased amount of 
immature and atretic eggs in females as well as decreased testicular volume and sex cells in males [4, 5].  This would most 
likely lead to a decreased level of reproductive fitness in these organisms.  Studies involving atrazine effects on amphibians 
have focused only on exposure during the critical developmental period in young tadpoles prior to metamorphosis; the potential 
impact that atrazine may have on adults exposed as tadpoles and/or on adults not previously exposed is still questionable. 
 
       The purpose of this study was to assess the different aspects of reproductive fitness of adult X. Laevis exposed to atrazine, 
following a protocol adapted from Fort et al. [6] that is designed to examine contaminant effects on gamete numbers and 
condition, mating behavior and success, and embryonic viability.  This will be the first attempt to ascertain the effects that adult 
exposure to atrazine may have on reproductive success as well as possible adverse effects on the offspring generation. 
 
2. Materials and Methods 
 
       Adult X. laevis were acclimated for two weeks.  At the end of the acclimation, males and females were injected with hCG 
to induce gamete deposition.  Individuals of each sex (n = 8) were randomly assigned  to 0, 10, 25, 50 or 100 mg/L atrazine in 
FETAX water for 30 days;  another set of animals were maintained separately for later use as breeding partners (n = 40 of both 
sex).  Four frogs of each sex from each treatment were used to determine reproductive fitness measures; the additional four of 
each sex were euthanized for gonadal measures.  
 
Reproductive Fitness Measures: Animals were induced with hCG as described above and left overnight to amplex.  
Participation in amplexus was noted.  Following fertilization, 75 zygotes were randomly removed from the clutch for tadpole 
FETAX analysis [7].  An additional 25 tadpoles were removed from the clutch of each treated female to determine tadpole 
viability until metamorphosis.  The remainder of the clutch of eggs was preserved to determine percent fertilization 
  
Gonadal Measures:  Non-mated animals were euthanized and the gonadal tissues were surgically removed, weighed and 
preserved in formalin.  Female oocytes were staged by taking two random subsamples of oocytes from each ovary, with stage I 
representing the most immature oocyte and stage VI the most mature [8]. 
 
3. Results and Discussion 
 
       There were no significant effects on normalized ovary weights of females in the different atrazine treatments or on average 
testis weights of males (Table 1). Also, differences in total oocyte mass and proportions of oocytes in different stages and/or  
necrotic did not occur among atrazine treatments. 
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Table 1. Mean values (+ 1 SE) for female ovary weights and testis weight (as proportion of total body weight), total oocyte egg mass (g), and proportions of 
eggs at various stages 
 

 Atrazine Conc. 
(µg/L) Ovary Weight (%) Total < Stage 3 > Stage 3 Necrotic Testis Weight (%) 

0 11.5 + 0.03 307.2 + 22.2 67.6 + 3.4 29.4 + 2.8 3.0 + 0.6 0.19 + 0.01 

10 12.1  + 0.01 503 .0 + 55.3 76.7 + 3.7 20.3 + 3.3 3.0 + 0.9 0.15 + 0.01 

25 13.7 + 0.01 466.3 + 24.1 70.4 + 3.7 23.6 + 4.6 6.0 + 1.0 0.14 + 0.01 

50 12.8 + 0.02 465.8 + 83.9 67.3 + 2.0 25.4 + 1.3 7.3 + 2.1 0.14 + 0.08 

100 9.8 + 0.03  481.3 + 29.7 68.2 + 4.7 22.9 + 4.0 9.0 + 1.7 0.15 + 0.02 
 
       There were notable trends among treatments.  For example, average testis weight was larger among control males (Table 
1); average ovary weight was smaller among females in the 100 mg/L atrazine group.   A greater proportion of later stage 
oocytes were evident among females in the control group, and the proportion of necrotic oocytes increased with atrazine 
concentration.   
 
       The percentage of fertilized eggs, while not significantly different among treatment groups for either males or females, was 
greatest in the male control group. No apparent dose-related trend was noted for females. A greater variety of abnormalities 
occurred at higher atrazine concentrations (e.g., thoracic adema, malformed faces and abnormal gut coiling).  Mean snout-vent 
length, weight at metamorphosis, and days to metamorphosis of offspring were not related to atrazine concentrations in a dose 
dependent manner.  Among treatment groups, the proportion of males and females were similar and near equality. However, 
males tended to occur more frequently than females among those whose mothers were maintained in 100 mg/L atrazine.  No 
obvious gonadal abnormalities (e.g., hermaphrodites or multiple testes) were observed for any treatment group. 
 
4. Conclusions 
 
       The trends noted in this study warrant further investigation due to the potential negative impact on long-term population 
viability.  For example, greater ovary weights and more advanced oocyte stages among control females may impact population 
replacement rates.  Of particular interest is the possibility that offspring may be affected by the mother’s exposure to atrazine, 
as suggested by the increased numbers and types of malformations among offspring of females in the higher atrazine 
concentrations.   
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1.  Introduction 

 
       Countersunk rivets are becoming more and more popular due to its joining method in automobile and avionic industry. 
Within the automotive and avionic industry today, companies save significant amounts of money through computer simulation. 
Computer simulations are used to test crash worthiness, strength, failure mode fatigue life and residual stress and strains with a 
goal to increase safety. 
 
       A countersunk rivet is studies for von mises stress and residual strains for damage and durability.  The model consist of 
three different diameter of rivet to thickness of the plate ratio (D/T), three different velocities (5, 10 & 15 meters/second) and 
two clearances between rivet and punch (0 and 1 milli meter). 
 
       In this study full model of riveting process is analyzed. Finite element analysis is performed using the LS-DYNA/970[2]. 
The isotropic elastic plastic material model is used. The simulation results contact forces; deformed head diameter and height 
are validated with experimental data. 

 
2.  Finite Element Analysis and Experimental Method 

 
       Experiment is conducted by Markiewicz and Langrand [1] for one result and the same criteria are verified through 
simulation, and rest of the simulations are done based on the same criteria with different parameters to study the response on 
rivet and plate in terms of stress, strain and force. The material property and dimensions for the riveting process is as follows. 
The model consists of rivet, base plate, top plate and a punch. 

 
Figure 1 Riveting Process Setup 

        
       The model consists of one 7050 Aluminum alloy countersunk rivet, shank Diameter D=4mm, initial Length L= 8mm, two 
2024-T351 aluminum alloy plates having thickness T=1.3mm, 1.6mm and 2mm. The contacts used in these simulations are as 
follows. contact between top and bottom plate, contact between rivet and punch, contact between rivet and top plate and contact 
between rivet and bottom plate. 

Moving PunchVelocity Curve

Time (millisec)

0.0 0.1 0.2 0.3 0.4 0.5 0.6

V
el

oc
ity

 (m
/s

)

-15

-10

-5

0

5

10

15
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Material 
Property E (GPa) Υ Ρ 

g/mm3
G 

(GPa) 
K 

(GPa) 
A 

(GPa) B (GPa) n 

Plate-
Al2024-

T351 
74 0.33 0.0028 27.82 72.55 0.3052 0.3053 0.1461 

Rivet-
Al7075 74 0.32 0.0028 28.03 68.52 0.3125 0.2905 0.2503 

Rigid 
Body 74 0.3 0.0028 - - - - - 

 
Table 1.  Material Properties for rivet model 

 
Driven 
Head 

Property 

FEA 
mm 
[1] 

Norm[1] 

Test 
Mean 
Value 

[1] 

Validation 

Hout 2.2 >1.19 2.2 2.04 

Φin 5.5 >5.15 5.7 5.31 

Φmax 6.08 <6.70 6.15 6.17 

 
3. Observations 
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Figure 3. Force Vs.  Crushing Displacement        Table 2. Validation  
 

1) It is found that there is no influence of punch velocity, punch and rivet gap and change in length of the plate and diameter of 
rivet on von-misses stress and residual strain. The force on rivet is unchanged for all the simulations. Change in plate hole 
diameter is high for punch velocity 15 m/s and low for 10 m/s punch velocity. D/T ratio had less significance on variation on 
hole diameter. It’s been also observed that higher velocity tends to distort hole diameter and damages to the skin on the plate.  
 
2) The values for driven head internal diameter are high for all 2.5 D/T ratio and low for 2 D/T ratio for no clearance between 
punch and rivet but for 1 mm clearance between punch and rivet, values are high for higher punch velocities and lower D/T 
ratio. The values for driven head external diameter are increasing with increasing punch velocity with increasing D/T ratio for 
both the cases. The values for height of driven head rivet are consistent with small variation for all the simulations.  
 
3) The values for maximum plastic strain increases with combination of D/T ratio and punch velocity for 0 mm gap between 
punch and rivet but for 1mm gap between punch and rivet are higher for low D/T ratio and high for increasing punch velocity.  

 
4.  Conclusions 
 
       Finite element analysis is performed to study the riveting process and validated with experimental results. This research 
discussed the influence of various parameters on the riveting process. The results will be used in the application of design of 
riveting process. 

 
5.  References 
 
1) Markiewicz, E., Langrand, B., Deletombe, E., Drazetic, P, and Patronelli, L.,1998 “Analyses of riveting process forming 
mechanisms,” Int. J. of Materials and Product Technology, Vol. 13, Nos. 3-6, pp. 123-145. 
2) Livermore Software Technology Corporation, 2003, LS-DYNA LS-DYNA “Key words user manual”. 
 

 132



LIF Involvement in Uterine Decidualization and Early Implantation in the 
Golden Hamster 

 
K. Egbert and W. Leavitt 

 
Department of Biological Sciences, College of Liberal Arts and Sciences 

 
1. Introduction 
 
       The aim of this research is to determine the role of leukemia inhibitory factor (LIF) in the decidualization response of the 
golden hamster uterus.  The mechanism of LIF action in the implantation and decidualization process of mammals is unknown.  
LIF expression has been found to increase in several species during the implantation and decidualization process [1], but the 
mechanism controlling LIF expression during these events is not known. In the mouse, LIF appears to facilitate blastocyst 
implantation, which is associated with an estrogen surge [2].  There is no estrogen surge in the hamster, where progesterone, 
not estrogen, is the dominant hormone regulating embryo implantation and uterine decidualization [3].  The human is also a 
progesterone-dependent species and does not require estrogen for implantation [4,5].  Thus, we have tested the activity of LIF 
in the hamster, which is similar to the human in respect to the hormonal requirements for implantation, and this research is 
specifically designed to determine if LIF plays a role in the uterine decidualization response.  The hypothesis is that treatment 
with LIF or an LIF antibody will affect the amount of uterine decidual tissue formed during the decidualization response 
following uterine traumatization in the progesterone-primed hamster. 
 
2. Experimental Design and Results 
 
       Experiment 1:  A time course study was first performed to determine the length of time required for an optimum decidual 
tissue response.   Hamsters were treated with progesterone (P4) on day 1 and day 3 of the estrous cycle [6] and then 
decidualization was induced on day 4 while animals were under anesthesia.  It was found that 72 hr was the optimum time for a 
maximal decidual response. 
        
       Experiment 2:  This study was performed to compare the effect of 3 different traumatizing stimuli in the induction of the 
decidual response.  Hamsters were P4 primed on day 1 and day 3, decidual induction performed on day 4, and all were 
autopsied after 72 hr of decidualization (day 7).  The first stimulus was an intraluminal injection of either LIF or a saline 
vehicle delivered into the lumen of each uterine horn.  This stimulus was not enough to produce a significant amount of 
decidualization.  The second stimulus was insertion of silk suture into the uterine wall, plus the intraluminal injections as 
before.  This method produced a small, localized amount of decidua at the insertion point of the suture.  The third stimulus was 
the insertion of a Nylon monofilament into the uterine lumen [6], plus intraluminal injection of LIF or vehicle as before.  This 
was the best method for production of a maximal decidual response. 
 
       Experiment 3:  The optimal conditions determined from Expts. 1 and 2 were used to test the effect of LIF on 
decidualization in 6 hamsters.  Hamsters were P4 primed on day 1 and day 3 of the estrous cycle, decidual induction was 
performed on day 4, and uterine decidualization measured on day 7.  Decidual induction was as follows:  hamsters were 
anesthetized on day 4; the dorsal area shaved; and an incision made in the skin followed by another in the muscle wall below 
the ribs on the right and left sides.  The uterus was exposed; each horn traumatized by insertion of a Nylon monofilament; and 
injected with LIF (30ng/0.3ml saline) into the lumen of the experimental horn; and the contralateral horn was traumatized and 
injected with 0.3ml saline vehicle (control horn; Fig. 1). At autopsy, uterine horns were weighed and examined for the amount 
of decidual tissue.  In this study, 5 of 6 hamsters had a decreased weight, comparing the experimental (LIF-treated) horn to the 
control (vehicle) horn. 
 
       Experiment 4:  This study tested the effect of LIF injection on decidualization using a larger number of animals.  The 
experimental design was identical to that in Expt.3, and 13 of 17 hamsters had a decreased uterine tissue weight in the 
experimental (LIF- treated) horn compared to the control (vehicle) horn.  
 
       Experiment 5:  This study was done to determine the effect of an LIF antibody (goat polyclonal IgG) on uterine 
decidualization.  Hamsters were treated for 24 hr with monofilament insertion plus either injection of LIF antibody in the 
experimental horn or PBS vehicle in the contralateral horn (control).  There was evidence of decidual tissue in control and 
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experimental horns in all cases, but there was no significant weight difference, indicating that the LIF antibody had no effect 
under these conditions. This result raises the question of whether LIF is normally present in the hamster uterus.  

   
3. Discussion 
 
        A nonparametric 1-way ANOVA was performed on the control uterine weights from Expts. 3 and 4, and there was no 
significant difference between the controls allowing the data from Expts. 3 and 4 to be pooled (N=23). In 18 of 23 (78%) 
hamsters, LIF decreased the amount of decidualization.  When the weights of control and experimental horns were analyzed by 
t-test (Fig. 2), the control uterine horns were significantly larger than the experimental uterine horns when expressed relative to 
body weight (t= 2.86, df= 44, p=0.0065) or as total uterine weight (t= 2.83, df= 44, p=0.007).  The highly significant difference 
between the control and experimental horns shows that LIF inhibits the decidualization response, perhaps suggesting that LIF 
may act to inhibit conversion of stromal cells into decidual cells.   
  
       To address the question of whether LIF is present in the hamster uterus (Expt.5), a western blot was done on day 4 uterine 
tissue, and no LIF was detected.  In addition, day 4 uterine tissue was analyzed by ELISA assay for LIF in the cytosol fraction 
(results pending).  Cell culture studies will be done next to test directly LIF activity on the growth and differentiation of uterine 
decidual cells in vitro [6].     
 
4. Conclusions 
 
I.    It is concluded that LIF inhibits the uterine decidualization process in the golden hamster. 
II.   This is the first demonstration in any species that LIF inhibits the uterine decidual response under in vivo conditions. 
III. These results are in contrast to previous work with the mouse [2] suggesting that LIF stimulates implantation and early 
pregnancy.  Our results indicate that LIF may actually inhibit pregnancy by blocking formation of placental tissue.  
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Figure 2.  Uterine weight response following LIF treatment.       
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Figure 1. Experimental design using bilateral uterus. 
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Hydration and Alcohol-Addition Reactions of Gas–Phase 
Lithium-Alcohol Complexes 
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1. Introduction 
 
       Complexes composed of metal ions and organic ligands have been observed to undergo association reactions with small 
molecules in the gas-phase. Wu and Brodbelt have demonstrated that Cu(I) and Ag(I) complexes (with pyridyl and bipyridyl 
ligands) will form water adducts in an ion trap1. Hanna and Van Stipdonk showed similar behavior for Ag (I) alcohol 
complexes2. 
 
       Motivating our efforts is the idea that detailed information about intrinsic hydration reaction kinetics and thermodynamics 
will benefit the development of artificial enzymes that use metal centers to activate water.  In this study we investigated the 
effect of single alcohol ligands and changing the ligand on Li+ complexes .Li+ is a model group I metal that is being used to 
develop analytical approaches to be applied to systems incorporating Cu2+ and Zn2+. 
 
2. Methods 
 
       Mass spectrometry experiments were conducted on a Finnigan LCQ-Deca electrospray ionization, ion-trap mass 
spectrometer ( Complex ions were generated from spray solutions containing Li+ and alcohol.)  The CID parameters were the 
following: He collision gas, activation amplitudes of ~20-30% (of 5V), qz values of 0.3-0.35 and activation time of 1 to 1000 
msec In this study, Li+  alcohol complexes (alcohols used were ethanol ,propanol ,isopropanol ,n-butanol and 2-butanol) (ROH 
+ Li )+  were isolated and stored  in an ion trap mass spectrometer for periods ranging from 1 to 1000 msec. During the isolation 
period, the complexes reacted with gas-phase water at a pressure of ~10-6 torr.   
 
3. Results and Discussion 
 
       Mass spectra resulting from the isolation and storage of the [ROH + Li]+ complexes are shown in figure 1. For each case 
the isolation time was 600 msec. The spectra in figure 1 shows the precursor complex [ROH + Li]+ and the hydrated complex 
[ROH + Li + H2O]+  
 
       The reaction schemes and associated rate constants are shown in equations 1,2,3 and table 1 below.To obtain the rate 
constants, fractional abundances of reactant and product ions were calculated by dividing the relative intensities of the 
precursor ion and adduct ions by the total ion abundances. The changes in fractional abundances with time were used to obtain 
relative values of rate constants for the addition reactions using Chemical Kinetic SimulatorTM Program. Rate constants for the 
reactions in the model system were changed constantly until the concentration curves generated by the model fit the observed 
changes in the fractional abundances. 
 
       Results from the spectra and rate constants suggest that the rate of hydration reaction increases with the increase in the 
length of the hydrocarbon group of the alcohol and for a given alcohol (propanol or butanol) with the degree of branching . 
Hence the reactivity of n-propanol is comparable to 2-butanol.This is attributed to increasing polarizability with chain length 
and partial delocalization of the charge 
 
       The reactions were conducted under pseudo first order conditions since the concentration of  H2O was in excess and as 
such the rate constants calculated  included this conditions.  
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   Fig 1.Mass spectra generated by isolation and storage o
n-ButOH. The isolation time for each spectrum was 600m
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Table 1: Relative rate constants obtained through kinetic
-2, K -3  are forward and reverse reactions respectively. 

Re
                                               [ROH +Li]+ + H2O   ↔   [R
                                               [ROH + Li + H2O]+ + H2O 
                                               [ROH + Li + H2O]+ + ROH
 
4. Conclusion  
 
       In this study, we measured the intrinsic hydration
isopropanol, n-butanol and 2-butanol). In the gas-phase r
ligands; water or alcohol. This is due to the bulky group
of electron delocalization is dependent upon the length o
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Personalizing Senior Caregiving via Videotaped Biographies 
 

K. Grosch 
 

Department of Psychology, College of Liberal Arts and Sciences  
 

1. Introduction 
 
       There is currently a movement to promote “culture change” in long-term care facilities for the elderly.  One goal of this 
movement is to make resident care more person-centered rather than institution-centered.  Of interest in this research was an 
exploration of conditions under which a videotaped biography of a senior citizen could be used to create more personalized 
relationships between residents and certified nurse aides (CNAs), who provide upwards of 90% of residents’ physical, social, 
emotional and spiritual care [1].  
 
       This study explored the impact of various forms of motivation on interpersonal cognitive complexity among CNA students.  
Interpersonal cognitive complexity refers to the quantity and variety of constructs a person uses to perceive and describe others.  
It is highly correlated with person-centered communication skills.  Research demonstrates that highly person-centered 
individuals are better able to comfort others, to persuade them and to regulate their behavior.  They also are more likely to 
attribute others’ behavior to temporal circumstances.  These are highly desirable skills among CNAs, especially in light of a 
more person-centered culture change. 
 
       Using the videotaped biography of a senior citizen named “Carl,” this research explored three hypotheses:  1.) CNA 
students watching the video, while imagining a personal conversation with Carl afterward, would use more psychological 
constructs to describe him than CNA students watching the same video but not asked to imagine interaction.  2.) The more 
students liked Carl, the more constructs they would use to describe him.  3.) The more students judged the videotape as useful 
for taking care of Carl, the more constructs they would use to describe him. 
 
2. Experiment 
 
       Participants: Forty-four students in three CNA training courses through the Wichita Area Technical College participated in 
this study.  Most were female (88.6%), and they ranged in age from 20-41 years (M = 31 years, SD = 9.6 years).  The racial mix 
included Caucasians (56.8%), African Americans (34.1%), Hispanics (6.8%) and Asians (2.3%).   
       Materials: RCQ.  The Role Category Questionnaire (RCQ) was used for measuring interpersonal cognitive complexity [2].  
The RCQ has long been recognized in the social cognition field as significantly associated with numerous communicative 
functioning indices [3].  The RCQ is unrelated to independent measures of intelligence, academic achievement or narrative 
writing skills, and it is flexible in its structure and administration without compromising its validity [4].     
      Videotaped biography:  A 15-minute videotaped biography of Carl was created with the Cramer Reed Center for Successful 
Aging, in which Carl tells about his childhood, career, marriage, hobbies and retirement years. 
       Coders.  Four Wichita State University undergraduate psychology students (1 M: 3 F) coded participants’ responses to the 
RCQ for course credit.  Inter-rater coding agreement ranged from .92-.94. 
       Codebook:  Crockett’s (1965) codebook served as a rules guide that governed all scoring decisions.  Revisions were added 
for scoring discrepancies.  The result was a codebook with addendums that included examples of entries that counted (score of 
1) – or that did not count (a score of 0) – with clarifying explanations.   
       Entry unitizing:  Participants’ completed RCQ forms were typed as written (i.e. spelling, grammar) by the researcher.  This 
ensured a uniform interpretation of all entries, regardless of penmanship differences. 
       Questions about reactions to Carl:  CNA students completed a three-item, five-point Likert scale questionnaire asking 
about their perceptions of Carl’s likeability, how difficult it was for them to describe him, and whether they felt that learning 
about Carl in the video would be useful in caring for him.   
       Scripts:  Scripts guided the instructors through administration of both stages of the study.  The essence of the RCQ 
instructions was maintained, with terminology adaptations to improve participant understanding.  Two scripts were created for 
the second portion of the study, identical with the exception of an additional single statement for the experimental group, 
instructing participants to imagine having a conversation with Carl after watching his videotaped biography.  This motivational 
prompt served as the independent variable. 
       Procedures: 
 Time I.  Each CNA class completed the baseline RCQ at the start of their course.  Students were given five minutes to 
describe someone whom they liked, then someone whom they disliked (total of 10 minutes).  Entries were scored for unique 
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psychological constructs, and participants were categorized as either high (above median) or low (below median) in 
interpersonal cognitive complexity, based on their RCQ score relative to classmates.  Experimental or control group assignment 
was such that group size and RCQ score means were comparable. 
 Time II.  Within the last two days of the course, students moved to different classrooms based on experimental or 
control group assignment, where they watched the video, described Carl and completed the questionnaire. 
 
3. Results 
 
       CNA students used 8-48 psychological constructs to describe persons they liked and disliked.  Experiment group RCQ 
scores ranged from 8-48 (M = 24.7, SD = 10.3); control group scores, from 8-42 (M = 25.1, SD = 9.9). Because there were 
individual differences in RCQ scores, this confound was controlled for through Analysis of Covariance.  The covariate was 
participants’ baseline RCQ scores, and group assignment was the independent variable.  The dependent variable was the 
number of constructs used for describing Carl.  ANCOVA results demonstrated a significant main effect for participant 
condition, F (1, 41) = 4.03, p < .05, partial η2 = .09.   
 
       Correlational analysis was used for comparing Carl’s likeability to how students described Carl.  A strong, positive 
correlation was evident, r (44) = .46, p < .05.  Results indicated a near total lack of relationship between videotape usefulness 
for caring for Carl and the number of constructs for describing him, r (44) = -.08, p = ns.  
 
4. Discussion 
 
       This study supports the hypothesis that CNA students asked to watch the videotaped biography, while imagining a 
conversation with Carl, would use more psychological constructs when they described him.  An imagined social exchange is a 
subtle manipulation of the independent variable, yet it was sufficient motivation for students to become more individuating in 
their descriptions.  A social interaction goal, even merely imagined, appears sufficient to induce perceivers situationally to form 
more personalized perceptions of others.  A relationship between likeability and differentiating person perception also is 
evident from these results.  Students who reported more favorable impressions of Carl were also more descriptive of him.  
However, support was lacking for the third hypothesis.  It is possible there is little utilitarian value in the videotape.  It is also 
possible that a training mindset biased their conceptualization of caregiving; they engaged in a person-centered task for this 
study while sitting in a classroom where technical skills were stressed throughout their training.  Alternatively, students lacked 
sufficient experience to recognize its use. Perhaps only after becoming seasoned CNAs would they recognize the value of 
knowledge about personally meaningful life experiences for engaging a resident in a caregiving task.         
 
5. Significance 
 
       This study expands the complexity literature to the impact of a social interaction goal on individuating person perception 
among CNA students.  Further, it explores this through personal life stories told by a senior citizen in a videotaped biography.  
The study also expands research to measurement of complexity of person perception with the RCQ, and to students about to 
enter the geriatric caregiver field.  Importantly, these findings have practical implications for creating training materials to help 
CNAs effect culture change, through developing more personalized caregiving relationships with senior citizens in long-term 
care facilities. 
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1. Introduction 

       Ad-Hoc networking is one of the fastest growing 
fields in today’s wireless networking industry. One of the 
major challenges faced by the ad-hoc networking is the 
channel access mechanism to facilitate communication. 
The MAC protocol of IEEE 802.11 Distributed 
Coordination Function (DCF), designed to share a single 
channel between nodes works well in a managed 
environment. However, in the ad-hoc environment where 
there is no fixed infrastructure or an authority to manage 
the network activities, the current channel access 
mechanism does not work efficiently. It lead issues like 
hidden node and exposed node problems. Many 
researchers have attempted to investigate the relation 
between the channel access mechanism and the 
performance. Many have concluded that increasing the 
number of channels available for communication improves 
the performance drastically. In its basic form, DCF 
function supports the usage of single channel for 
communication, even if other channels are present and are 
not being used. The authors of [1 through 8] have proposed 
various multi-channel schemes to improve the performance 
of the wireless networks. In addition, the authors have also 
demonstrated in their work that the presence of multiple 
channels for data transmission improves the performance 
and reduces the effects of hidden/exposed node problems.  

       One of the major drawbacks of most of the related 
research is the fact that, even though there are many 
channels present for data transmission, only two or three 
non-interfering channels are selected for data transmission 
resulting in underutilization of other channels. Although 
the authors of [6] suggested the usage of all available 
channels, the method of channel selection is not clear. In 
this research work, the authors propose a new multi-
channel channel access mechanism for the ad-hoc 
networks. The proposed scheme uses a Semi-Markov 
model (sMm) based algorithm for channel selection. In 

addition, compared to the other similar schemes, the 
proposed scheme also accommodates quality of service 
extensions at the layer 2 level. The proposed scheme is 
implemented using GlomoSim network simulator.    

2. Multi Channel MAC-Protocol 

       One of the basic functions of MAC layer is to scan the 
channel for transmitting the signal. The main idea in this 
paper is to scan and select the available channels during 
the announcement traffic indication messages (ATIM) 
windows as in PSM of MAC layer. To select a particular 
channel parameters such as signal to interference with 
noise ratio (SINR), consumed battery power, traffic load, 
duration of transmission, mobile nature of each node and 
relative distances of node with respect to other nodes in 
the network are considered. If the channel remains in a 
state for a time frame of beacon interval then reserved 
channel is selected. 

       In wireless medium, signal strength decays as the 
distance between two communicating nodes increases. It 
results in an increase in the interference and noise. The 
SINR is considered while selecting channel. The battery 
power is available in finite amount at each node in ad hoc 
node, so plays vital role. So the residual battery power of 
each node is considered. Topology of ad-hoc network 
changes frequently over time because of mobile nature of 
the nodes. So data transmission duration along with the 
mobile nature of sender node and receiver node and their 
relative distance with respect to the other nodes in the 
network affect the overall throughput of the network. So 
the mobility measure of the nodes and their relative 
distances in the network topology over time are taken into 
account. By attaching particular weight to each parameter 
a composite metric ‘CM’ is calculated for each channel. 
‘CM’ is calculated for each available channel at the 
sender node and the receiver node.  

As per the value of ‘CM’ and the nature of traffic the 
channel preferences are set on channels available for 
transmission by the sender node and by  
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the receiver node. All available channels are marked with 
either of three preferences i.e. high, medium or low. If 
there is no channel marked as a high preference then the 
medium one is selected. The preferences are given to the 
channel as per interference caused by that channel to rest 
of the channel. The information about the preferred 
channels is exchanged during ATIM window. ATIM 
messages contain the preferred channels selected for the 
communication. After the ATIM window, the sender node 
and the receiver node switches to their respective selected 
channel among their preferred channel individually and 
start communication after exchanging Request-to-Send 
(RTS)/ Clear-to-Send (CTS) control messages. Other 
nodes in the vicinity of the sender and receiver node 
overhear ATIM messages exchanged by them and record 
the channels selected.  
       The concept of setting preferences to the available 
channels is similar to the one discussed by authors of [4, 
5] but there is difference in the parameters which are 
considered for channel selection and the further analysis 
in the proposed mechanism. The channel selection 
mechanism is presented with analytical model in 
proposed mechanism. The mechanism uses the sMm 
based mathematical model to find the channel availability. 
This mathematical model along with previously 
mentioned factors enhances the performance of proposed 
dynamic channel selection method.  
       The mathematical model is based on special case of 
Markov model named Erlangs’s B Formula stated as 
M/M/N/N/ . N represents the number of channels and 
each state represents the number of channels busy as 
shown in Fig 1. The model gives the probability of 
availability of number of channels as a function of time by 
considering parameter such as SINR, number of 
interference free and contention free channels.  

∞

       The transmissions also get affected by mobile nature 
of nodes, the location and distance among the nodes, the 
load of traffic shared by the nodes and duration of current 
transmission at that instant of time. To consider these 
factors the model is extended by Semi-Markov model. In 
this model, the Markov chain consists of two states, 
namely 1 and 0 as shown in Fig 2. A node will be in state 
1 if it has an interference free channel available for 
transmission. Otherwise, it will be in state 0. Then, the 
node waits for a random amount of time and will remain 
in this state until it any interference free channel 
available. Once the channel is available, it makes a 
transition to state 1 and starts the transmission. This 
model calculates the probability of availability of channel 
throughout the route from source to destination node in 
multi-hop scenario for successful transmission as a 
function of time. To evaluate the performance of the 
proposed mechanism, simulations will be carried out by 
using network simulator GlomoSim 2.03 in different 
scenarios. 
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1. Introduction 
 
       Low back pain (LBP) is one of the major and leading occupational problems in the United States, and is also a major cause 
of industrial disability in the population under the age of 45 years [1]. In the United States the total cost due to LBP is about 
$90 billion (Bureau of Labor Statistics 1982). Heavy equipment operators such as truck drivers, bulldozer operators and crane 
operators experience a high incidence of musculoskeletal disorders (MSDs). According to Bureau of Labor Statistics the 
incidence rate for mobile equipment and vehicle drivers was quite high, 12.1 per 100 workers per year in the year 2002 [2].  
Operators of heavy equipment are generally called as operating engineers (OEs), and currently there are about 540,000 OEs in 
United States, who are exposed to WBV  and out of these 90% are involved in performing excavating and paving work and the 
remaining are crane operators [3]. All these OES are exposed to Whole Body Vibration (WBV) [3]. 
 
2. Epidemiology, Methods, Results and Discussion  
 
       Sitting has the potential to harm the spine due to higher intradiscal pressure and compressive stress on the annulus [4]. The 
combination of prolonged sitting and exposure to WBV was reported to result in more and longer work-related absenteeism due 
to intervertebral disc disorders and low back problems [4]. Magnusson et al. (1996) conducted a study on three groups of 
workers, of which two were exposed to vibration (truck and bus drivers) and the third group acted as a control group (sedentary 
workers). From the whole sample of their study, approximately 50% complained of LBP, and drivers had significantly higher 
LBP complaints than the sedentary workers. Among the groups, the bus drivers had more days off from work than the 
sedentary workers and the truck drivers. Long term exposure to vibration was the strongest predictor of LBP with an odds ratio 
of 2.0.  One of the main challenges was to develop some kind of intervention in order to reduce the static seating posture of the 
OEs. So the University of Vermont came out with an additional seat support called as BackCycler, which has a lumbar support 
bladder that is cyclically inflated and deflated by a pump and valve system. Few lab experiments have been conducted to 
evaluate the BackCycler but none of them performed a field study to evaluate the effectiveness of the BackCycler. Therefore 
our main research objective was to evaluate the effectiveness of the BackCycler in mobile construction equipment.  
 
       In order to evaluate the effectiveness of the BackCycler, it was installed in several pieces of mobile equipment out in a real 
working environment and the data was collected for 8 days. In order to evaluate the intervention, two group of OEs were signed 
where one  group acted as the control group and the other group acted as an intervention group and both these group used 
similar kind of equipment and they were working at two different sites. Two surveys were administered; one was the body part 
discomfort survey which was filled by both the group at three different sessions of a day and the BackCycler preference survey 
which was completed by the intervention group only. Mean low back score of every session was calculated for all 8 days of the 
intervention group and similarly it was done for the control group too. As well as mean low back discomfort index was 
calculated for both groups as specified by Buttle (1994).  
  
       From the body part discomfort survey of the intervention group we can witness the decreasing trend from day 1 to day 8 as 
shown in figure 1. As well as when comparing the magnitude of the morning and evening scores for the intervention group 
mixed results were obtained, where as in the control group (figure 2) the evening data was always higher than the morning data, 
indicating that with out the additional seat support the low back discomfort increased at the end of the day. Figure 3 & 4 shows 
the mean low back discomfort index for the both the groups, where for the intervention group there was a 2.4% decrease from 
morning to evening data and for the control group there was 66.67% increase from morning to evening data. BackCycler 
preference survey data showed that 64% of OEs felt that it provided enough support and 54% OEs felt that it reduced stiffness 
and fatigue, which also showed that the OEs felt very comfortable using the BackCycler as well as they felt that it reduced the 
overall low back discomfort at the end of the day. Therefore from the results it is evident that the BackCycler was effective in 
reducing the stiffness and fatigue and reduction is mainly due to the cyclic motion of the BackCycler, due to this cyclic motion 
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there was continuous change in the lumbar muscle lengths and as well as theoretically it is shown that there will be better 
transfer of nutrients to the intervertebral disc.  
 
3. Conclusion 
 
       Therefore from the results of the body part discomfort survey and the BackCycler preference survey we can conclude that 
the BackCycler can effectively reduce the onset of low back pain.  
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1. Introduction 
       In the past decade or so, wireless devices like PDAs, 
laptops, etc, have invaded the market resulting in an 
increased demand for connectivity with no heed paid to 
physical location. Hence the idea of “mobile ad-hoc 
networks” a.k.a MANETs has caught the fancy of 
researchers around the world. An ad-hoc network is one 
where the formation of the network is dynamic with no 
existing infrastructure in place. When a node enters the 
vicinity of an ad-hoc network, it tries to communicate 
with other nodes and in case it is granted permission, 
becomes a part of the network. The advantage of this kind 
of network is that it can be built and torn down in no time. 
This feature would be very useful in hostile environments 
like war zone, crisis situations, etc. It might also be used 
for business conferencing.  
 
       TCP is a connection- oriented protocol which ensures 
reliable data transmission over the unreliable IP. It is 
responsible for the flow and congestion control within the 
data communication mechanism. TCP is also responsible 
for ensuring that a link’s capacity is shared fairly among 
the connections. It prevents the sender from 
overwhelming the receiver and in case of packet loss 
indicated by non-receipt of an acknowledgement, 
identifies the sequence number of the packet and 
retransmits it. In other words, it dynamically learns the 
delay characteristics of a network and adjusts its operation 
to maximize the throughput without overloading the 
network. Most applications in use like FTP, HTTP make 
use of TCP of TCP/IP suite for their operation. Hence it is 
preferred to implement TCP at the transport layer of an 
ad-hoc network which would facilitate connecting to the 
internet wherever available and support a large gamut of 
applications.  
 
       Research indicates that performance of TCP degrades 
over the wireless networks due to its inability to 
distinguish between packet losses caused due to 

congestion and those caused due to defects in the 
transmission media or due to handoffs. In order to verify the 
performance degradation, an ad-hoc network was built in 
OPNET network simulator. Nodes were randomly placed in 
a square grid of area 5km x 5km. DSR was configured as 
the underlying routing protocol. 12 client/server pairs were 
configured to generate FTP traffic. FTP profile consisted of 
a large file size (1GB) and the application was configured to 
have 50 % command mix, i.e., application was performing 
both download and upload operations equally. 
 
       All nodes were configured to have 11 Mbps bandwidth. 
Nodes were randomly selected to have mobility patterns. 
From the results, it was observed that in case of route 
failure, TCP performance degrades. This performance 
degradation was attributed to the congestion avoidance 
mechanisms used by the traditional TCP as these 
mechanisms reduce the data rate whenever they encounter 
packet drops. It was further observed that the performance 
deterioration is also dependent upon factors like node 
density, area and mobility patterns. In this paper, we 
propose enhancements to the TCP protocol to alleviate the 
performance degradation during events like link failure. 
 
2. Proposed Solutions 
 
       Proposal I:  For a given ad-hoc network containing n 
nodes, data to be sent from a node ‘s’ to a node ‘d’ is routed 
by using either proactive table-driven or reactive routing 
protocols. Consider a situation where route is established 
with the exchange of request and reply packets. The 
concerned data packet is then forwarded along this route. 
After a few hops, the packet reaches an intermediate node 
‘I’ and realizes that the next consecutive link is down. In 
this case the intermediate node sends a feedback to the 
source node informing it of the link failure and requesting it 
not send any further packets on the route. This message is 
piggybacked in the routing table update in case of table 
driven protocols and in hell

messages in case of reactive protocols. The source now 
makes use of alternate routes present in its route cache to 
forward the remaining packets. However, some packets 
which were already sent along the earlier route are stored 
in the cache of the intermediate node. These packets are 
salvaged by ‘I’. and it attempts to find an alternate route 

to forward these packets. By using this approach, 
retransmissions due to assumed congestion are prevented. 
Also, the sender does not have to retransmit the packets sent 
prior to realizing the occurrence of a link failure since the 
intermediate node takes care of them. 
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       The success of this approach depends on the trust 
relationship shared between the sender and the 
intermediate node. Even when the intermediate node is 
attempting to recover the already sent packets, the sender 
may resend the same to ensure reliability. The packets 
may arrive out of order at the destination because of the 
different paths followed by the packets.  
 
       Proposal II:  Another approach to improve TCP 
performance is to enable each node within the ad-hoc 
network with PEP ability. This implies that each node is 
capable of sending a proxy reply on behalf of other nodes. 
In this, communication occurs in the following manner: 
source S sends a packet to one of its neighboring nodes 
N1 which sends a proxy reply to S and then tries to look 
for a path to the destination of the packet. In the same 
manner the neighboring node of N1 will send a proxy 
reply to N1 and take over the responsibility of routing the 
packet to its intended destination. This process continues 
till the packet reaches its intended destination D. Thus 
each node receives acknowledgement before timeout and 
hence does not retransmit packets. The biggest challenge 
in this approach is endowing each node with a proxy 
server capability. Even otherwise, there is no guarantee of 
packet delivery. Failure of an intermediate node could 
result in that packet being lost forever. The only way to 
ensure successful transmission of packets is to allow each 
node to be able to view the operations of other nodes 
which, however, would hamper network security. 
 
       Proposal III:  Another approach to improve TCP 
performance also requires us to enable each node within 
the ad-hoc network with PEP ability. Thus each node is 
capable of sending a proxy reply on behalf of other nodes. 
Here, communication occurs in the following manner: 
source S sends a packet to destination D and some where 
along the route a link failure occurs. Say link leading 
from intermediate node N1 to the destination goes down, 
then one of the neighboring nodes of N1 is chosen to send 
a proxy acknowledgement to the source to prevent 
retransmissions and is assigned the responsibility of 
forwarding the packets. All the packets are now routed 
through this proxy PEP agent. The important thing in this 
approach is the criteria used to select the PEP agent. 
Choosing a node with larger number of routes in its route 
cache would result in better performance.  

 
       Proposal IV: Another approach is to assign a static 
node to a group of nodes in an ad-hoc network as a multi 
point relay (MPR). All packets from any source to any 
destination within the network pass through this MPR. 
These MPRs send periodic hello messages to indicate that 
they are connected to their own set of nodes. These MPRs 
prevent retransmissions by sending acknowledgement 
piggybacked in the hello messages to the source indicating 
the successful receipt of a packet intended for any node 
belonging to the set it is connected to. For a destination 
belonging to another MPR, the source MPR will 
communicate with destination MPR and thus ensure reliable 
communication. The only problem with this approach is the 
MPRs can prove to be a single point of bottleneck within 
the network. 

 
3. Conclusions and Future work 
 
       In this project, the author has studied performance 
issues of TCP over ad-hoc networks. Simulation results 
indicate that performance of TCP streams is greatly affected 
by the non- availability of routes. However, the underlying 
TCP manager identifies the performance degradation and 
attributes the cause to congestion and in turn invokes the 
congestion avoidance mechanisms. In this project, the 
author has proposed four different mechanisms that could be 
used to improve the TCP performance in a MANET 
environment.  
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1. Introduction 
 
       Luteinizing hormone (LH) is a member of the 
heterodimeric glycoprotein hormone family. As these 
hormones are members of the cystine knot growth factor 
superfamily, each subunit is composed of a pair of 
protease-resistant hairpin loops, designated L1 and L3, on 
one side of the cystine knot and a protease-sensitive loop, 
L2, on the other side. N-linked oligosaccharides are 
attached to L2 and L3 in the alpha subunit common to all 
glycoprotein hormones and one N-linked oligosaccharide 
is linked to L1 in the LH beta subunit. A second N-
glycosylation site is found in beta L1 of other hormones. 
When associated with the LH beta subunit, the common 
alpha subunit is glycosylated in a LH-specific manner. 
The Asn-linked oligosaccharides are essential for 
biological activity and variations in their structures 
somehow modulate LH activity. Total deglycosylation of 
LH increases receptor binding affinity, but virtually 
eliminates biological activity. In the alpha subunit L2 
oligosaccharide plays a critical role in conferring 
biological activity, but this is modulated by beta L1 
oligosaccharide. Accordingly, it is essential to 
characterize the oligosaccharides at both alpha L2 and 
beta L1 in order to predict the biological activity of LH. 
The present study is part of an effort to simultaneously 
characterize LH N-glycosylation sites using mass 
spectrometry. Site identification relies on the mass 
differences in the glycosylation signal sequences, or 
sequons, which differ in the second residue of the Asn-
Xaa-Thr sequon (Nα56IT, Nα82HT, and Nβ13AT for oLH 
and Nα52VT, Nα78HT, and Nβ30TT for hLH). 
 
2. Material and Methods 
Preparation of Glycopeptides: 
 
       Samples containing 5.0 mg reduced, 
carboxymethylated oLH and hLH were incubated with a 
500µg proteinase-K at 37oC for 24 hours. The samples 
were dried by evaporation in a Savant Speed Vac.  Each 
sample was then resuspended in 1ml of milli-Q water.   
 
Determination of Monosaccharide Compositions: 
       A 10µl aliquot of each sample was dried by Savant 
Speed Vac and then hydrolyzed with 200µl 4N TFA at 
100oC for 4 hours.  Each aliquot was then dried and 
resuspended in 200µl water containing deoxyglucose for 

monosaccharide composition analysis using a Dionex 
carbohydrate analyzer.  A 200µl portion of each digest 
was fractionated by Superdex gel filtration 
chromatography.  
 
Monosaccharide-Screening of the collected  Fractions: 
       Samples of each fraction were subjected to 
carbohydrate and protein sequencing analysis. Protease-
resistant peptides were treated with pronase, subtilisin or 
peptide-N-Glycanase and the products analyzed by gel 
filtration using a Superdex 75 column. 
 
3. Results 
 
       Human and sheep LH preparations were reduced and 
alkylated and subjected to proteinase K digestion. 
Initially, glycopeptides and protease were separated by 
centrifugal ultrafiltration over 10,000MW cutoff 
membranes. However, the glycopeptide yields were low 
and carbohydrate analysis indicated significant 
glycopeptide retention. Fractionation of the retained 
fraction by Superdex 75 gel filtration revealed two 
glycopeptide fractions. Protein sequencing demonstrated 
that glycopeptides were the major components of 
carbohydrate-rich fractions. The high MW fractions 
consisted of either a 13-residue oLH beta glycopeptide 
(Fig.1, fraction 1, calculated mass 1,450.72 Da) or a 30-
residue (Fig.1, fractions A and B calculated mass 3,345.94 
Da) hLH beta glycopeptide the low MW fractions 
consisted of tri- and tetra-peptides derived from both 
alpha subunit L2 and L3 glycosylation sites (Fig.1, 
Fraction 2, NIT theorical mass 346.38 Da, NHT 370.37 
Da and fraction C, KNVT 460.53 Da, NHT 370.37).The 
masses calculated for beta subunit glycopeptides 
combined with known LH oligosaccharide masses (m/z 
771.3 – 2,095.6) are too large to be detected by 
electrospray mass spectroscopy which has an upper limit 
of 2,000 Da for accurate mass determination. Pronase, 
subtilisin, and peptide N-glycanase (PNGase) digestion of 
the sheep LHαL1 glycopeptide revealed that while it was 
protease insensitive, the oligosaccharide could be released 
with PNGase. Fractionation of the hLH and oLH 
proteinase K digest without previous ultrafiltration on a 
Superdex peptide gel filtration column produced multiple 
fractions, of which 3-4 possessed carbohydrate, while the 
others consisted of peptides (Fig.2). Rechromatography of 
each glycopeptide fraction on the Superdex 75 column 

 145



revealed complex mixtures in some fractions and 
relatively pure peptides in others. Peptide components in 
each fraction were identified by protein sequencing.  
 

 
Fig.1. Fractionation of the retained fraction by Superdex 75 gel filtration 
revealed two glycopeptide fractions. oLH protein sequencing and . hLH 
Protein sequencing demonstrated that fractions 1, A and B were 
composed of a 13-or-30 residue LH betaL1 glycopeptide and fractions 2 
and C consisted of tri- and tetra-peptides derived from both alpha subunit 
L2 and L3 glycosylation sites. 
 

 
 

 
Fig.2. Fractionation of the hLH and oLH proteinase K digest without 
previous ultrafiltration on a Superdex peptide gel filtration column 
(0.4ml/min, 0.2M ammonium bicarbonate, Absorbance 230nm) 
produced multiple fractions, represented by lines, of which 3-4 possesed 
carbohydrate, while the others consisted of peptides. The relative yields 
of carbohydrate are represented by vertical bars. 
 
 
4. Conclusion 
 
       The relatively low peptide background and size 
suggests that the alpha subunit glycopeptides should be 
good subjects for mass spectrometry. Beta subunit 
glycopeptides are too big for analysis by electrospray 
mass spectrometry. 
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1. Introduction 
 
       Problem solving, higher order thinking? What are 
they? To define these skills one must look at what is 
needed by employers of employees to perform and make 
decisions on their own. Most children today do not 
possess the skills of problem solving and higher order 
thinking. In schools across America teachers are 
struggling to teach these skills. This research tests a 
theory of using robotics to define and teach these skills 
to two seventh grade classes. The intent is to help 
students’ proficiency in higher order thinking and 
problems solving become a more automatic response. 
These skills will be useful in the students’ education as 
well as life experiences. 
 
2. Experiment, Results, Discussion, and Significance 
  
       This study is being conducted with two classes of 
seventh grade students. The first class consists of 19 
students. Class 1 has 3 students who are in special 
education, while the remainder is on grade level 7. Class 
2 consists of 13 students in which 10 out of 13 are in 
special education, with 3 on grade level 7. The students 
were introduced to the concept of working with LEGO 
robotics at the beginning of the nine week course. Both 
classes  have completed an entry survey, which allowed 
me an understanding of what the students want to 
become in the future and how they prefer to learn. The 
questions not only have given me a point to start with, 
but also allow me to explore the thinking and problem 
solving skills for their future careers. The questionnaire 
consisted of six “yes” and “no” questions which were; 

1. Do you like school? 
2. Do you like to play with Lego? 
3. Do you like to build things? 
4. Do you like to work with computers? 
5. Would you like to work with Lego? 
6. Would you like to learn how to use a computer? 

 
 

 
Figure 1.  Class 1 compared to Class 2 yes and no answers. 

 
 
       As you can see there are far more yes’s than no’s to the 
questions. This informs me, the children are excited to learn 
for this study. If I had begun this study with more no’s than 
yes’s, the experiment would have been null.  
   
       Along with the yes and no questions, the questionnaire 
consisted of two other questions; 1. How do you like to 
learn? (a) book (b) lecture (c) hands-on (d) other. 2. What 
field of work do you want to work in when you grow up? (a) 
science (b) engineering (c) laborer (d) medical (e) business 
(e) economics (f) other. For each of the types of work, I 
placed examples beside each word, for instance, with science 
(ex. biologist, geologist) so the students were able to have a 
choice of what types of jobs are associated with the education 
major. I had to add a category, not thinking about students 
who chose the career in specialties such as professional 
sports, acting, or singing. The new category named “other” 
was placed in Figure 3 due to this problem. 
 
       The purpose of questions are for me to know how the 
students enjoy learning the best. In fact, looking at the 
outcomes, more than 75% of the students in special education 
prefer the hands-on types of learning. Surprisingly lecture 
and “other” came in next with learning from a book being the 
least preferred. 
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 Figure 2. Preferred Learning Styles 
        
       The purpose of question 2 is to allow me to know 
how the students feel of what they are able to 
accomplish. So many times children are told they will 
only be able to do this or that, therefore using this 
question I can see most of my students feel as though 
they are able to become engineers and doctors. You 
will notice great discrepancies between Class 1 and 
Class 2. 

 
Figure 3. Career Choices 
 
        Students in both classes are now very 
knowledgeable about an online learning community 
called, “Blackboard.” All lessons and journals are kept 
electronically so the student may go home and do work 
as well. I have made great use of the online “Discussion 
Board” in which I pose a discussion, and students 
respond to the topic and must also respond to one other 
fellow students’ post. One topic we have already 
discussed was, What is you definition of problem solving? 
Give an example with your definition. Here are some of 
the responses I have gotten; (a) Problem solving is when 
you have a situation that needs to be worked like when 
you do Lego robotics for example. Such as if the robot 
keeps turning the wrong way, you have to think it out and 
change it. (b) When you have to figure something out. 
Also when you have to think about the problem. Also 
when you are having problems you do all the steps. The 
online learning allows students to say things like I don’t 
know or I am not smart enough, 
 

 which are some real posts from the above topic. 
 
       The next step in this study will be to identify what problem 
solving and thinking skills are.  “There are two essential 
dimensions of thinking that students need to master in order to 
learn how to upgrade their thinking. They need to be able to 
identify the parts of their thinking, and they need to be able to 
assess their use of these parts of thinking,” (Elder & Paul, 
1997). The two classes will examine the parts of their thinking 
by solving problems and making a list of what skills they used 
to solve it. We will then look at different aspects of the skills 
they name and see if they have optional tasks. 
 
       The students will have three robots to build and program 
using Robolab (LEGO, 1998). We will use build the robots 
using LEGO Mindstorms kit pieces. They will also maintain a 
journal using BlackBoard, and through the use of the 
discussion board, students will keep posting to topics, which 
will promote higher levels of thinking on the students’ part.  
The assessment process will be done through the use of teacher 
observations, student journals, team journals, completed 
robots, completed missions, and a completed exit questionnaire 
and reflection. 
 
3. Reflection 
 
       One goal for this study is to help the students identify 
problem solving and higher thinking skills in order to solve 
problems in life. While maintaining focus on the goal, the 
students will be using the educational skills of language arts, 
mathematics, and science. Standards from these curricula will 
be completed as the students complete each activity. This will 
also be assessed through daily journals as students will make 
an effort to identify which standard they meet during the daily 
activity. 
 
       I feel as though robotics is an awesome way to teach and 
utilize students’ skills in thinking about and solving everyday 
problems. The SCANS 2000 report describes what employers 
need employees to have when they enter the workforce. I will 
follow the SCANS report and correlate it with the skills the 
students gain from this experience. The outcomes will show 
how, by the use of LEGO robotics, students will be more 
prepared to enter today’s society. 
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Abstract Recently, Wu et al. proposed a scheme for two-
dimensional (2-D) direction of arrival angle estimation 
(DOA) for azimuth and elevation angles, using the 
propagator method (PM). An advantage of this method 
over the classical subspace based algorithms, such as 
ESPRIT and MUSIC, is that it does not apply any 
eigenvalue decomposition (EVD) to the cross spectral 
matrix or singular value decomposition (SVD) to the 
received data. This significantly reduces the 
computational complexity, compared to the EVD and 
SVD. However, Wu’s method has some drawbacks such 
as pair matching between the azimuth and elevation angle 
estimations for multiple different sources. And 
furthermore, Wu’s method has an estimation failure 
problem in the range of practical mobile elevation angles. 
The objective of this paper is to overcome these two 
problems with less arithmetic operation counts than Wu 
used, and to improve the performance significantly. To 
achieve these objectives, we propose an antenna array 
configuration which avoids these problems. Simulation 
results verify that the proposed scheme can remove these 
problems and give much better performance.  
 
1. Introduction 

 
       Two-dimensional (2-D) directional of arrival angle 
(DOA) estimation for incident signals on an antenna 
element array has been studied [1]. It has also played an 
important role in many array signal processing fields such 
as radar, sonar, radio astronomy, seismic data processing, 
and mobile communication systems. MUSIC [2] and 
ESPRIT [3] have been regarded as the most popular 
subspace algorithms that yield DOA estimation of high 
resolution. However,these algorithms employ either eigen 
value decomposition (EVD) or singular value 
decomposition (SVD) which are still computationally 
extensive and time consuming especially when the 
number of antenna array elements N is larger than the 
number of incident signals. The EVD requires the 
computational complexity of order O(N3+MN2L), where L 
and M are the number of snapshots and the number of 
subarrays, respectively. 
 
       Recently, Wu et al. proposed a 2-D DOA estimation 
method using two parallel uniform linear arrays (ULAs). 
The Wu method in [4] has several drawbacks: 1) it 
requires a pair matching between the 2-D azimuth and 
elevation angle estimations; 2) it has an estimation failure 

problem when the elevation angles are between 70° and 
90°; and 3) it has performance degradation at low SNRs 
especially when the elevation angles are between 0° and 
20° and the azimuth angles are close to 0°. However, the 
elevation angles in typical mobile communication 
environments can be between 70° and 90°. Therefore, the 
Wu’s PM should be reconsidered for the mobile 
communication applications.  This is the motivation of 
our paper. 

 
       The objectives of our paper are: 1) to remove those 
problems in the Wu method [4]; and 2) to improve 
performance of the Wu method significantly even with a 
slightly smaller computational load than Wu used. To 
achieve these objectives, this paper proposes an antenna 
array configuration shown in Figure 1 and also employs 
the PM in [5]. The significances of this paper are: 1) the 
proposed method does not require any pair matching 

( , ) where  and  are the azimuth and elevation 
angle estimates for source i and source k, respectively; 2) 
the proposed method has no elevation angle estimation 
failure even if the elevation angles are between 70° and 
90°; and 3) the proposed method improves performance 
significantly, compared Wu in [4].  

iφ̂ kθ̂ iφ̂ kθ̂

Section 2 presents the proposed 2-D DOA method. 
Section 3 shows simulation results. And Section 4 makes 
conclusions. 
 
2. Proposed Antenna Array Configuration for 2-D     

DOA Estimation 
 

       Figure 1 shows the proposed array configuration 
which consists of three uniform linear arrays with 
interspacing d equal to a half wavelength of incident 
signals where all sources use the same carrier frequency. 
The three uniform linear arrays in Figure 1 consist of N, 
N+1, and N elements, respectively. One array is placed in 
the x-y plane, another on the y-axis, and the last one in the 
y-z plane. Let X, Y, Z, and W denote the 1st, 2nd, 3rd, and 
4th subarrays of the proposed array configuration shown in 
Figure 1 

 
3. Simulation Results 
 
       For simulation, the spacing between the two adjacent 
elements in any uniform linear array was set to a half 
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wavelength of the incoming signals. Also 200=L  
number of snapshots per trial and 500 independent trials 
in total were tested. The root mean square error (RMSE) 
of the proposed DOA estimation scheme employs the 
parallel-shape configuration in Figure 1.  
Figure 2 shows the RMSE in degrees of the azimuth and 

elevation angle estimates ( )ii φθ ˆ,ˆ  from 0º to 90º with 5º 
increments for the parallel-shape algorithm [4]. We 
assumed K=1 single source and Ntotal=15 elements. And 
we set SNR=10 dB. Fig 3 shows the corresponding 
RMSE results for the proposed algorithm with Ntotal=13 
elements. We observe from Figs 2 and 3 that the proposed 
algorithm improves the performance significantly 
compared to the parallel-shape array in [4 . The average 

of the RMSE value over all possible pairs 

]
( )ii φθ ˆ,ˆ  for the 

proposed algorithm is .3923 in degrees whereas that for 
the parallel-shape algorithm in [4] is 0.9335 in degrees. In 
Fig 2, only the successful trail cases were counted for the 
RMSE calculation. We observe that the parallel-shape 
array in [4] shows many estimation failures when the 
elevation angles are between 70° and 90°.  

 
4. Conclusions 

 
       An antenna array configuration was proposed for the 
2-D azimuth and elevation angle estimation problem and 
compared with the parallel-shape configuration. The 
proposed method employs a PM which does not require 
any EVD or SVD but only a linear operation. The 
proposed 2-D DOA estimation scheme shows a 
significant improvement over the existing parallel shape 
scheme in [4]. In other words, 1) the proposed scheme 
does not require any pair matching for the 2-D DOA 
estimation problems whereas the parallel shape PM 
scheme in [4] does; and 2), the proposed algorithm shows 
no estimation failure for any pair of azimuth and 
elevation angles whereas the parallel-shape method in [4] 
can have a 50 % failure rate when the elevation DOA 
approaches 90°. 
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Fig 1. The proposed array configuration used for the joint elevation and 

azimuth ( )φθ ,  DOA estimation. 

 
Fig 2. RMSE of joint elevation and azimuth angle estimations at 
SNR=10 dB for a single source, using the parallel shape [4] with 
Ntotal=15 elements. 

 
 

Fig 3. RMSE of joint elevation and azimuth angle estimations at 
SNR=10 dB for a single source, using the proposed Method with 
Ntotal=13 elements. 
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1. Introduction 
 
       Internet is the most effective means of 
communication in today's world. Information, on the 
Internet, is transmitted in the form of a packet which is 
passed over several networks to finally reach the 
destination. In this process, the intermediate hosts forward 
the packets until the packet reaches the destination. 
However, if the queue is full, then these hosts drop the 
packet. 
 
       Voice over Internet Protocol is a technology of 
transmitting voice on the Internet. Human voice is 
digitized, encoded, and transmitted on the Internet in the 
form of voice packets. These packets are received at the 
other end, decoded and converted back to analog signal. 
Loss and delay of voice packets result in the degradation 
of voice quality, since voice is a real-time application. 
Consecutive losses worsen the situation. 
 
2. Experiment, Results, Discussion, and Significance 
 
       Packet loss is an indication of congestion. Packet loss 
models in the literature [1] argue that the chances of a 
packet getting dropped completely depend on the status of 
the previous packet. For instance, if the packet ‘i’ is lost, 
then the chances of packet (i+1) getting lost are very high. 
Similarly, if the packet ‘i’ is successfully forwarded, then 
the packet (i+1) will be successfully transmitted. The 
probability of a packet loss given the status of the 
previous packet can be easily determined using Markov 
chains [1], [2], [3]. In these models, parameters associated 
with time were not taken into consideration.  
 
       In this paper, inter-arrival time was considered to be 
an important parameter affecting the packet loss given the 
status of the previous packet. This model was based on the 
semi-Markov process which considered the current state, 
and the corresponding   state holding time to decide the 
future state of a system.  
      
       Markov chain is a stochastic process in which the 
future state of a system depends on the current state of the 
system. The relationship can be expressed as follows: 
 
P{Xn=j | Xn-1=i, Xn-2=i-1… X0=i0}= P{Xn=j|Xn-1=i}                                
(1) 

  

where Xn indicates the state of the system, at nth instant of 
time, and j represents one of the states of the Markov 
chain.  
 
       Markov chains are associated with a set of equations 
that help predict the future states of the system based on 
the initial state probabilities, and the state transition 
probabilities. The status of the system at a given instant of 
time is given by the nth instant probabilities of the Markov 
chain which are obtained by the following equations: 
 
p(n)=p(0)*[P]n                                     (2)                                             
p(n)=p(n-1)*[P]n                                  (3)                                              
 
where p(n) represents the state probability vector for the 
nth instant, p(0) represents the initial state probability 
vector, p(n-1) represents the state probability vector for 
(n-1) instant, and [P] represents the state transition 
probability matrix.  
 
       The extended Gilbert model discussed in [1] uses the 
above set of equations for predicting the future state of the 
system, given the current state. 
 
       The semi-Markov process shown in Fig.1 has (m+1) 
states. The no loss state is represented by 0, and the 
remaining ‘m’ states represent the corresponding loss 
states. A randomly selected state ‘i’ represents ‘i’ 
consecutive losses. Depending on the current state and the 
state holding time, the host decides the next state. The 
queue can make a transition from state ‘i’ to either (i+1) 
or 0. No other transitions are possible. However, if ‘i’ is 
equal to 0, then this rule doesn't apply. That is, the host 
can make an immediate transition back to state 0 if it was 
previously in that state or it can jump to the state 1. 
 
 
 
 
 
 
 
 
 
 

Fig. 1. A semi-Markov process with (m+1) states 
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     The nth instant probabilities of the semi-Markov 
process can be obtained from the following equation [3]: 

p sMm
i (n)=p i (n)E[Hi]/(∑p (n)E[H

=

α

0j
j j])           (4)                                    

where, psMm
i(n) represents the ith element of the limiting 

state probability vector that indicates the probability of the 
semi-Markov process being in the ith state at nth instant of 
time. 
 
     Simulations were run on Matlab. A flow of identical 
packets was allowed to pass through a first-in-first-out 
(FIFO) queue. The packet arrival was assumed to follow 
Poisson distribution. By varying the mean inter-arrival 
time of the packets, the nth instant probabilities for the 
semi-Markov process were determined using Eqs. (2), (3), 
and (4).  These probabilities indicate the probability of the 
system being in a particular state at the equilibrium 
conditions. The value of ‘n’ was assumed to be 1000. 
 
     Following tabular column shows the limiting state 
probabilities for both the extended Markov chain and the 
semi-Markov process with a mean inter-arrival time of 
15ms. 

 
loss run         0          1          2         3 
peGm(n) 0.5904     0.1208     0.0779      0.0531 
psMm(n) 0.7464     0.1256      0.0548    0.0274 

 
loss run          4          5          6         7 
peGm(n) 0.0376 0.0287      0.0224 0.0170     
psMm(n) 0.0155 0.0097 0.0063 0.0043 

 
lossrun          8          9        10        11        12 
peGm(n) 0.0139    0.0122    0.0095    0.0095    0.0070 
psMm(n) 0.0031 0.0025 0.0017 0.0017 0.0010 
 
Table.1 Limiting State Probabilities for semi Markov process 
 

 
Figure 2: Limiting state probability Vs state of the node 

It was observed that the packet loss can be controlled by 
increasing the inter-arrival time of the voice packets. 
 
3. Conclusions 
 
     In this paper, the voice packet loss was modeled using 
the semi-Markov process. This process considers both the 
current state of the system, and the state holding time for 
predicting the limiting state probabilities [3], [4]. The 
effect of mean inter-arrival time on the limiting state 
probabilities was studied. It was observed that the limiting 
state probabilities decrease with an increase in the mean 
inter-arrival time. Therefore, the packet loss can be 
controlled by increasing the inter-arrival time of the voice 
packets. 
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1. Introduction 
  
       Ad hoc wireless networking has been an active 
research area for the past several years. Reachability has 
been one of the bigger challenges encountered in the 
design of an efficient ad hoc wireless network. One of the 
solutions towards improving the reachability of ad hoc 
networks is the usage of a hierarchical approach [1]. The 
authors of [1] suggest that instead of a flat homogenous ad 
hoc network (which suffers from poor scalability), an ad 
hoc network with Mobile Backbone Nodes (MBN) be 
used. They argue that a large scale ad hoc network suffers 
not only from the limitation of available bandwidth but 
also “many hops” paths are prone to break and cause 
numerous packet drops. The nodes that form an MBN 
network communicate over a separate radio frequency 
than the actual ad hoc network. In [2] another solution is 
proposed for improving the reach of ad hoc networks by 
considering the use of hybrid networks. The authors of [2] 
suggest a network that uses both ad hoc connectivity and 
access points (AP). Access points give mobile hosts (MH) 
access to the nodes that are outside their transmission 
range. These APs are joined together via a wired network. 
Using their proposed routing protocol, an AP maintains 
information about routes to all MHs within its own zone. 
It uses this information to entertain any Route REQuests 
(RREQs) coming from other zones. The routing protocol 
works differently for APs and MHs. In both [1] and [2], 
the solution completely relies upon the routing protocols. 
To expand the reach of ad hoc networks, these solutions 
either extend the existing routing protocol (LANMAR in 
[1]) or consider a new routing protocol [2]. In this paper, 
the authors examine the reachability problem of ad hoc 
networks with respect to layer 2 mechanisms. Two 
specific cases were considered for the current work: (1) 
Two ad hoc networks connected via two or more border 
gateways via an infrastructured network. (2) A single ad 
hoc network with the provision for an alternate path 
between ad hoc nodes via an infrastructured network. 
 
2. Test Bed 
 
       A test bed shown in Figure 1 was setup at Wichita 
State University’s Advance Networking Research Center 
(ANRC) to evaluate the various approaches employed to 
inter-connect ad hoc networks via an infrastructured 
network. The gateways (GW1 through GW3) and laptops 

(H1 through H4) were configured to run Red Hat Linux 
9.0 (Kernel 2.4.18-3) operating system. Ad hoc On 
demand Distance Vector (AODV) routing protocol was 
employed in ad hoc domains, where as Routing 
Information Protocol (RIPv2) was employed in the 
infrastructured domain. For the IP cloud, two Cisco 3600 
series and two Cisco 2500 series routers were employed. 
 

 
Figure 1: Test Bed 

 
       The gateways were configured to run Zebra [3]. Zebra 
is a freely available software package that manages 
TCP/IP based routing protocols on Linux. Code was 
written to redistribute the AODV and RIPv2 routes into 
each others routing tables. MobiEmu [4] was employed to 
emulate the mobility of the ad hoc nodes (laptops). 
MobiEmu operates employs a master/slave architecture. 
The master controller was run on a dedicated host outside 
the testbed network; a slave controller was run on each ad 
hoc node within the test-bed.  
 
       The gateways were configured to support two 
network interfaces: (a) eth0 to connect to the 
infrastructured network, and (b) eth1 to connect to the ad 
hoc network. The eth1 interface of GW1 had an IP 
address of 130.1.1.10 while that of GW2 had an IP 
address of 100.1.1.20. Interface eth2 of the gateways was 
employed to connect to the master controller to enable the 
control of the gateways by the master controller of 
MobiEmu. The ad hoc nodes H1 and H2 were configured 
with IP addresses of 140.1.1.11 and 150.1.1.12 
respectively while nodes H3 and H4 were configured with 
IP addresses of 110.1.1.21 and 120.1.1.22 respectively.  
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       The main aim of the research was to provide 
connectivity between nodes that are not in each other’s 
transmission ranges. In order to achieve the goal the 
authors worked with a Layer 3 approach, i.e. 
Redistributing routes between ad hoc domain and 
infrastructured domain and vice versa.  A code was 
written to accomplish this task and ran on the gateways. 
This method resulted in partial connectivity due to two 
reasons. First, the time taken to update a route learned 
from one ad hoc domain into another could lead to 
disruption in traffic streams within the ad hoc networks. 
The timers within RIP could be modified to accommodate 
a faster convergence time but this would lead to an 
increase in the “chattiness” of RIP over the infrastructured 
network. Second, and more importantly, the redistribution 
of routes is applicable to routes held by the gateways. If 
GW1 does not have a route to some ad hoc node within 
the ad hoc_1 domain, GW3 will not be updated of this 
route. Since a “On Demand” routing protocol (AODV) 
was used for ad hoc domains the gateways only knew the 
address that were used in previous communications or the 
nodes that are a hop away from gateway. Therefore the 
nodes from ad hoc_1 could not communicate with the 
nodes for which GW3 did not have the route entries. In 
order to have full connectivity Layer 2 tunnel approach 
was used which is explained in the next section. 
 
3. Layer 2 Connectivity 
 
       The idea behind Layer 2 technologies was to create a 
secure virtual network for corporate’s private use via an 
intermediate network (Internet Service Provider or ISP). 
This is a feasible solution compared to laying down a 
personal Local Area Network (LAN) or Wide Area 
Network (WAN) to connect, for example, remote 
corporate offices. Figure 2 shows ad hoc nodes (H1 
through H5) connected to two different ad hoc domains 
via an L2TPv3 tunnel operating over an IP network. GW1 
and GW2 are configured to support the L2TPv3 tunnel 
endpoints. Assuming H1 wants to communicate with H5. 
If H1 does not have a route for H5, it issues a RREQ. This 
RREQ travels towards GW1. Due to the presence of a 
layer 2 circuit between GW1 and GW2, the RREQ that 
GW1 receives is also transmitted over to GW2 (since 
RREQs are broadcast over the channel). The L2TPv3 
enabled interface appends L2TPv3 header to the received 
RREQ frame, and forwards it to the other side of the 
tunnel. GW2 decapsulates the L2TPv3 header from the 
incoming packet and broadcasts the frame onto the ad hoc 
domain. Any node within the ad hoc domain (could be H4 
or H5 itself) with an active route to H5 would respond to 
this broadcast RREQ by unicasting a Route REPly 
(RREP). This RREP travels towards H1 via the L2TPv3 
tunnel after appropriate encapsulation and decapsulation 
operations are performed at the gateways. The network 
shown in Figure 1 was utilized to evaluate the inter-

connectivity of ad hoc domains over an L2TPv3 tunnel. 
Figure 3 shows the routing table on ad hoc node H3. As 
can be observed from Figure 3, all the routes appear on 
H3 and there is full connectivity between all the nodes in 
both the ad hoc domains. 
 

 
Figure 2: Ad hoc nodes connected via L2TPv3 tunnel 
 

 
Figure 3: Routing table of H3 with a layer 2 circuit 
between the gateways 
 
4. Conclusion 
 
       The problem of limited reachability of ad hoc nodes 
was considered in this paper. By utilizing the 
infrastructured network between the ad hoc domains, 
communication between ad hoc nodes from different 
domains could be enabled. The solution of using Layer 2 
Tunnels across the infrastructured network was proposed 
in this research in order to connect the two islands.  This 
method resulted in full connectivity between the nodes in 
either ad hoc domain.  
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1. Introduction 
 
       The heart’s efficiency is based on how much blood the Left Ventricle (LV) can pump to the entire body compared to how 
much energy the heart uses to pump the blood. The Diastolic or relaxation cycle of the heart can describe the efficiency of the 
heart by showing how much blood fills the LV prior to contraction. The heart’s intent with the relaxation cycle is to fill as much 
blood as possible in the LV. The blood that fills the LV is eventually ejected from the heart during the systolic or compression 
cycle. So, the more blood that fills the LV, the more the efficient the heart becomes. If the LVs ability to relax were impaired, 
the LV would not be able to fill with enough blood to satisfy the body’s demand for oxygen, causing stress on the heart. This 
cardiac stress drops the heart’s efficiency and is an indication of heart failure. Currently, the only means to find how well the 
heart can relax is to catheterize the patient. The catheter contains small pressure transducers and is usually inserted through the 
femoral artery. Usually, the only reason for the catheterization is to obtain the maximum and minimum pressures inside the 
heart. The data is collected then plotted against time. This data shows how quickly, and how much the myocardium of the LV 
relaxes during diastole prior to contraction.  
 
       Modeling the LV pressure decay is somewhat of a small controversy. The most widely accepted model for the LV pressure 
waveform is the exponentially decaying model. Several papers have been written about finding, and using the pressure time 
constant, which is simply the time it takes the pressure curve to reach a certain value. One way to find the time constant is to 
calculate it using the exponentially decaying equation. Eucker et.al (1). and Karamanoglu et.al.(2) as well as Weiss et.al. (3) 
have all used the exponentially decaying function to describe the LV waveform, and to obtain the pressure time constant. Yet, 
Eucker et.al. (1) has concluded there are limitations to the accuracy of the exponential equation. The exponential function alone 
cannot adequately describe the entire waveform. The exponential function has a high accuracy rate with hearts that do not have 
any valve dysfunctions. Still, others have used models of polynomials and even natural logarithmic functions to describe how 
the pressure of the LV decays. The problem with all of these best fit mathematical models is they can only describe a small 
portion of the biological waveform before they begin to exhibit inaccuracies. However, where one mathematical model begins 
to drift another is more accurate. This phenomenon suggests combining pieces of each model at its most accurate segment to 
describe the pressure waveform of the LV. A time segmented best fit plot composed of several mathematical models could 
accurately describe the biologically generated waveform of the Left Ventricle.    

 
2. Results, Discussion, and Significance 
 
       The data was organized into pressure and time and all of the potential models were calculated using Microsoft Excel. The 
data was then reduced and the portions of the data that did not correspond to the pressure drop of the LV were discarded. 
Specifically, the tail end data that signified Mitral valve closure, which were data points greater than time equal to 7.3, and the 
beginning data signified by Aortic valve closure or points less than time equal to 5.7. To increase the resolution of the plots, 
points of interpolation were incorporated into the baseline data. The basic linear interpolation formula of similar triangles 
accurately calculated the interior points of the waveform data due to the high density and close proximity of the original data 
points.  This increased the number of data points that were used from around 40 to 93 points. The exponential function was 
calculated from the results of Eucker et.al. (5), while the other models were formulated by hand and tested against the base line 
data. Four potential models were used in the evaluation of the experiment. The Exponential model, a Sin(x) model, a Natural 
Logarithmic model, and a Polynomial were all plotted against the base line data.   
 
       The raw data for the base line curve was reconstituted from a chart located in the power point presentation of Stevens (4) 
and is shown in Figure 1. This chart represented cardiac pressure data from a human heart in the LV and the Aortic Valve. Due 
to the unlisted scale of the chart’s abscissa, direct measurements were taken of the chart using an engineer’s scale.  
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Figure 1: Raw Pressure Data Chart taken from S.Stevens PPT. 
  
       The above graph is the base line curve for the experimental curve fit models. Each of the four models were challenged with 
accurately describing the LV Pressure curve.  The models that were formulated are shown in Figure 2. All of the models have 
accurate areas and inaccurate areas. The fortunate occurrence of Figure 3 is that where one model is inaccurate another model 
becomes accurate. Each of the most accurate sections of the formulated models were sectioned into another curve fit plot that 
described the LV pressure decay wave form. Another interesting note is how all of the functions became more accurate as they 
reached the asymptote of the data. In this case the asymptote of the functions was 17. 
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Figure 2 Functions used for the Segmented Model 
 
3. Conclusion 
 
       The idea of constructing a highly accurate model of the diastolic LV pressure decay using segments of several 
mathematical models will need to be further explored. Currently, there are too many limitations and discrepancies to be used to 
describe the pressure decaying phenomenon with the segmented model developed here. Researchers, in general, accept the 
exponentially decaying time function as the most accurate and easy to use mathematical function for describing pressure drop. 
This paper tends to reinforce that acceptance with regard to pressure-time function of left ventricle. 
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1. Introduction 
 
       Carbon Monoxide Dehydrogenase /  Acetyl CoA Synthase (CODH/ACS) is a bifunctional enzyme that catalyzes the 
reduction of CO2 to CO and the assembly of Acetyl CoA [1].  The A-cluster has a number of features which distinguish it from 
other natural-occurring metalloenzymes: it is one of few enzymes which contain an active-site nickel atom, some of the donors 
to the metal are amide nitrogens from the protein backbone, and the catalytic cycle involves an organometallic intermediate, 
with a coordinated methyl group.   
 
       The A-cluster active site of CODH/ACS, as seen in Figure 1, contains a Fe-S cubane bridged by a cysteine thiolate to a 
dinuclear M(µ-S)M’ cluster where M’ is nickel and M is either nickel or copper [2][3].  This project focuses on the synthesis of 
model complexes for the dinuclear metal center.  Model complexes are useful in gaining a more complete understanding of the 
catalytic mechanisms.  The goal is to synthesize a compound with two central nickel atoms: one, Nip, having both a nitrogen 
and sulfur bound, (NS) coordination, the other, Nid, with two nitrogen atoms, (NN) coordination, and for these two nickel atoms 
to be bridged by an additional two sulfur atoms, as shown in Figure 2.   
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Figure 1: Expansion of the A-cluster of CODH/ACS                                                 Figure 2: Desired dinuclear nickel model complex of A-cluster 
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2. Experiment 
 
       We are using 2,2’-dithiodibenzaldehyde (DTDB, Figure 3), an air-stable disulfide, to introduce thiolate coordination to a 
transition metal by allowing it to react with a transition metal complex that contains a coordinated primary amine [4].  Ligands 
will be synthesized by reacting DTDB with N,N-dimethylethylenediamine and either aminoethanethiol or aminothiophenol 
(Figure 4).  Synthesis begins by dissolving DTDB in hot methanol, then adding a methanol solution of the appropriate bidentate 
ligand, and finally adding NiCl2. 

OO

SS                    CH3

CH3
NNH2                         SHNH2                            SHNH2  

                                                                      N,N-dimethylethylenediamine              Aminoethanethiol                                    Aminothiophenol 
Figure 3: DTDB                                           Figure 4: Amine reactants 
 
 
3. Results and Discussion 

 
       Reaction of N,N-dimethylethylenediamine with DTDB is expected to form a N2S coordinated nickel complex which will 
be further noted as fragment A.  The other two reactants, aminoethanethiol and aminothiophenol, with DTDB have been shown 
to form a NS2 coordinated nickel complex [5] which will be noted as fragment B.  As illustrated in Figure 2, our desired model 
complex has one component each of fragment A and fragment B, this is model complex AB.  Using equivalent molar ratios of 
ligand A and ligand B three products are expected to be formed in this procedure as illustrated: 
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Scheme 1: Reaction procedure for synthesis of the three metal complexes 
 
       These three metal complexes labeled AA, AB, and BB have different charges due to the number of thiolate sulfur atoms 
present.  This should lead to different solubilities based on solvent polarity.  Neutral BB is insoluble in polar solvents, so it is 
the easiest to separate out since the reaction is first done in methanol, a very polar solvent.  Separating the other two charged 
species is done through the use of dichloromethane, a much less polar solvent, since AA is +2 charged and appears to be 
insoluble in dichloromethane.   
 
       The BB nickel dimer has been synthesized and fully characterized by our group [5].  In order to ascertain whether fragment 
A can be incorporated into a similar dimeric complex, an analogous reaction was carried out using only the N,N-dimer reactant 
(Scheme 2). 
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Scheme 2: Reaction for AA metal complex  
 
       One crystalline product was isolated and identified by X-ray crystallography as a monomeric Ni complex with an N2S 
ligand (A-Cl).  ESI-MS shows a peak at 566 with appropriate isotope distribution corresponding to the desired AA dimer. 
 
4. Conclusions 
 
       Isolation and characterization of A-Cl demonstrates that DTDB will combine with N,N-dimethyl-ethylenediamine to form 
an N2S ligand.  Identification of the AA dimer by mass spectrometry demonstrates the ability of this ligand to bridge two Ni 
atoms.  Along with our previous isolation and characterization of the BB dimer, these suggest that this methodology will result 
in isolation of AB dimer as outlined in Scheme 1.  
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1. Introduction 

       Study of light-induced electron transfer between donor-acceptor dyads to develop artificial photosynthetic systems to 
harvest solar energy is an area of current interest.1-3  For constructing these dyads, fullerenes are appealing as electron acceptors 
due to their unique structure, low reduction potentials, and absorption spectra extending over the visible spectral range.3  
Porphyrins are used as electron donors because of their well-understood photochemical properties and structural similarity to 
the naturally occurring chlorophyll molecules.2,3  Because of the three-dimensional structure, fullerenes in donor acceptor dyads 
accelerate forward electron transfer (kCS) and slow down the backward electron transfer (kCR).  This results in the much desired 
long-lived charge-separated states for light energy harvesting applications.3  Several donor-fullerene dyads have been 
synthesized and studied to verify the formation of long-lived charge-separated states and also to probe the effect of distance and 
orientation factors.1-3  Recently, porphyrin-fullerene supramolecular triads, tetrads, and pentads have been synthesized and 
studied.1-3

 
       In the present investigation, a series of novel porphyrin-fullerene dyads have been synthesized (Figure 1), and the photo-
induced electron transfer reactions have been probed by a variety of physico-chemical techniques.  The present investigations 
successfully demonstrate mimicry of the primary events of the photosynthetic reaction center by using the porphyrin-fullerene 
model compounds. 
 
2. Experimental, Results, and Discussion 
 
       Synthesis of Porphyrin-Fullerene, MPo~C60 (M = 2H, Zn or Mg) Dyads 
The synthesis of free-base porphyrin-C60 (H2Po~C60) and ZnPo~C60 is given elsewhere.4  A sample of H2Po~C60 (80 mg) was 
dissolved in 30 mL of CH2Cl2 and 20 eq. of triethylamine and 10 eq. of MgBr2·O(Et)2 were added.  The mixture was stirred for 
30 min at room temperature.  The course of the reaction was monitored by absorption spectroscopy.  The mixture was diluted 
with CH2Cl2, washed with 5% NaHCO3, and dried over anhydrous Na2SO4.  The desired compound, MgPo~C60 was obtained 
after purification on a silica gel (9:1 toluene: CHCl3.  The structural integrity of all of the compounds is deduced from 1H NMR, 
ESI mass spectrometry in a CH2Cl2 matrix, optical absorption and emission spectroscopy, and electrochemical methods. 
 
       Ab initio B3LYP/3-21G(*) Modeling of MPo~C60 (M = 2H, Zn and Mg) Dyads 
To gain better insight on the molecular and electronic structure, computational studies were performed using density functional 
methods at the B3LYP/3-21G(*) level.  The B3LYP methods have been quite successful in predicting the geometry and 
electronic structure of the supramolecular dyads and triads.5  The highest occupied molecular orbital (HOMO) and the lowest 
unoccupied molecular orbital (LUMO) were found for each the dyads.  From the computational studies, the MPo~C60 dyads 
revealed a closely spaced MP and C60 entities as shown in Figure 2.  The donor-acceptor distances were calculated for the dyads. 
      
       Cyclic Voltammetry Studies and Electron Transfer Driving Forces 
Electrochemical studies were performed to measure the redox properties, which gave information about interactions between 
the porphyrin and fullerene entities in the ground states.  The cyclic voltammograms of the MPo-C60 dyads (M = Mg, Zn and 
2H) were recorded in 0.1 M (n-Bu)4NClO4 in o-dichlorobenzene.  All three of the porphyrins revealed two one-electron 
oxidations.  The magnitudes of the E1/2 values depended on the metal ion present in the porphyrin cavity, following the order 
MgP < ZnP < H2P. 
 
       From the electrochemical data, the driving forces for charge separation (-∆GCS)6 and charge recombination (-∆GCR) were 
calculated according to Equations (1) and (2): 

-∆GCS = E0,0 – (-∆GCR)                                  (1) 
-∆GCR = Eox  - Ered  - ∆Gs                                     (2) 

where  Eox is the first oxidation potential of the porphyrin (P0/-), Ered is the first reduction potential of the fullerene (C60
0/-), E0,0  

is the energy of the 0-0 transition between the lowest excited state and the ground state of the porphyrin as evaluated from the 
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fluorescence peaks of MPo~C60.  These E0,0  values are respectively, 2.03 eV for 1MgP*, 2.07 eV for 1ZnP*, and 1.90 eV for 
1H2P*.   Negative values of ∆GCS were found to follow the order: MgPo~C60 < ZnPo~C60 < H2Po~C60 in o-dichlorobenzene, 
indicating the expected higher exothermicity for electron transfer via the excited singlet states of the MgPo~C60 compared to its 
zinc and free-base porphyrin analogs.   
 
       Next, ultra-fast time resolved femto-second spectroscopy and nanosecond transient absorption spectral investigations were 
carried out to determine the rates of charge separation and charge recombination, and lifetime of the radical ion-pairs.4  The 
measured rates were found to be very efficient, kcs ~109 s-1 with almost unit quantum yield.  The measured rates of charge 
recombination, kcr were ~106 s-1, which were 3 orders of magnitude smaller than the kcs values  These results suggest charge-
stabilization in the dyads and the measured lifetimes of the radical ion-pairs were found to be in the order of microseconds. 
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Figure 1. Structure of porphyrin-fullerene dyad                         Figure 2.  Ab initio B3LYP/3-21G(*) optimized                   
                                                                                                       geometries of MgPo~C60

3. Conclusion 
 
       The results of the present investigations demonstrate that the porphyrin-fullerene dyads are suitable candidates for building 
solar energy harvesting devices.  They undergo efficient charge separation as determined from their rates of forward electron 
transfer and quantum yields.  They also yielded the much desired long-lived radical ion-pairs on the order of microseconds.   
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1.  Introduction 
 
       West Nile Virus (WNV) is a Flavivirus in the family Flaviviridae.  WNV was first isolated, in 1937, from the blood of a 
febrile woman in the West Nile region of Uganda.  Since then, there have been recorded outbreaks in Europe, Eurasia, the 
Middle East, and North Africa [1].  WNV made its first known appearance in the Western Hemisphere in 1999 with an 
outbreak occurring in the Northeast United States.  Since the first outbreak in 1999, WNV has managed to spread across the 
continental U.S. infecting all states except Washington.  As of November 2004, WNV had been detected in birds, humans, and 
horses in Southern Canada, the Caribbean, and several Mexican states as well [2].  WNV is maintained in an epizootic 
transmission cycle between mosquitoes and birds with humans and horses as incidental hosts [3].  The current speculation of 
how WNV has spread so rapidly is via migratory avian species [1].  This project is designed to determine how WNV is 
maintained in the environment during the winter via potential bird-to-bird transmission, using temporal sampling, and how it is 
spread to new locations via migratory birds. 
 
2. Methods & Results 
 
Collection of Samples 
       Various species of wintering migrants and non-migratory birds were sampled in the winters of 2003-2004 and 2004-2005.   
The birds were captured using Japanese mist nets, ranging in lengths from 6m-12m, at four feeding stations at WSU Field 
Station.   Feeding Stations were selected using ecological indicators, i.e. suitable habit and water supply, as well as vehicle 
accessibility.  Each individual bird will be banded with a uniquely numbered U.S. Fish and Wildlife numerical band on the left 
leg.  A blood sample was acquired using a sterile1cc insulin syringe with a 27 5/8G needle to puncture the brachial vein of the 
bird.  Individual birds were not sampled more than once within a 10-14 day period to allow for healing and replenishment of 
lost blood.  The blood was collected in 70µl micro-hematocrit capillary tubes (Fisherbrand).   When the wound stopped 
bleeding the birds were released and observed for obvious flight impairment.  Individuals were not in captivity longer than 30 
minutes and were always kept warm to avoid shock.  Associated IACUC animal protocols have been approved.  Serum samples 
were collected after centrifugation and stored in externally threaded cyrotubes at -70ºC until laboratory analysis could be 
performed.  
 
Laboratory Analysis of Serum Samples 
       Serum samples were tested for WNV antibodies using an epitope blocking Enzyme-Linked Immunosorbent Assay (ELISA) 
as previously described [4, 5, 6].  This method provides a rapid, sensitive, and inexpensive means to test multiple avian species 
for the presence of WNV antibodies.  Briefly, two microplates, one for each monoclonal antibody (MAb)-3.1112G and 6B6C-
1, wells were coated with antigen for the number of samples to be tested.  Plates are coated with antigen diluted with coating 
buffer and incubated overnight at 4ºC [4].  Between each incubation, plates are washed four times with PBS containing 0.1% 
Tween 20 using an automated plate washer.  Blocking buffer is then added to each sample well and incubated for 40 minutes at 
37ºC.  After washing, a 1:10 dilution of serum samples in blocking buffer is added to the coated wells and incubated at 37ºC for 
2 hours.  After washing, two monoclonal antibodies are used, one per plate; MAb 3.1112G is WNV-specific and MAb 6B6C-1 
is flavivirus group reactive [5].  Each MAb is diluted to its recommended dilution with blocking buffer, and then added to 
plates and incubated at 37ºC for a hour.  Both MAbs must be labeled with horseradish peroxidase using horseradish peroxidase-
conjugated rabbit anti-mouse IgG (Zymed Laboratories, San Francisco, Calif.) diluted to 1:2000 in blocking buffer and 
incubated at 37ºC for a hour. After washing, substrate is added to induce a color reaction with horseradish peroxidase.  The 
optical density of each well is determined using an automated plate reader at the wavelength of 405nm [4].  The percent 
inhibition of MAb binding is calculated [6] as 100-[(TS-B)/(CS-B)]x 100, where TS is the mean optical density of the test 
serum, CS is the mean optical density of the control serum (from uninfected chickens), and B is the background optical density.  
This is calculated once the mean optical density of CS exceeded 0.3.  For this method, a percent inhibition value of ≥30% was 
considered to indicate the presence of viral antibodies, a positive test [4].  All samples were tested in triplicate to reduce 
investigator bias as well as error.  Mean values of test samples were used to determine percent inhibition. 
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Results 
       The results presented here are for the 2003-2004 field season.  Data are currently being collected for the 2004-2005 field 
season and will not be included in this paper.  Several avian species were collected, most of which were wintering migrants: 
American Tree Sparrow  (Spizella americana) (ATSP), Harris’s Sparrow (Zonotrichia querula) (HASP), Song Sparrow 
(Melospiza melodia) (SOSP), Dark-eyed Junco (Junco hyemalis) (DEJU).  The Northern Cardinal (Cardinalis cardinalis) 
(NOCA) and Blue Jay (Cyanocitta cristata) (BLJA) were selected to be sampled as non-migrants.  The number of individuals 
sampled and their respective ELISA results are illustrated in Table 1 (below).  Analysis of 2003-2004 ATSP has not been 
finished, and only 33 of the 199 birds have been reported here. 
 
 

Table 1 Epitope-blocking ELISA results 2003-2005     

Species Total Sampled Number Tested 
Number 

Seropositiveŧ
Percent of Samplesŧ  

Seropositive  
NOCA 31 31 16/14 51.6/45.1  
ATSP 199 33 0/1 0.0/3.0  
HASP 22 22 2/9 9.1/40.9  
SOSP 17 17 2/0 11.8/0.0  
DEJU 14 14 0/1 0.0/7.1  
BLJA 3 3 0/0 0.0/0.0  
ŧ Reported as MAb 3.1112G/ MAb 6B6C-1       

 
3. Conclusions  
 
       We have found that the migratory species had a lower incidence of individuals that tested positive for WNV antibodies.  
The reason could be due to potentially less exposure during migration or these species are more susceptible to the effects of 
WNV and could not complete their migration due to increased viremia.  The NOCA had the highest rate of seroconversion of 
all the birds tested.  This is possibly due to their non-migratory existence and therefore their residence is in areas in which they 
have a greater chance of being exposed.  Further research is being conducted to further understand the role of migratory birds 
and the spread of WNV as well as that of non-migratory birds and the maintenance of the epizootic transmission cycle in 
winter. 
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1.  Introduction 
 
       As the networking field is expanding, numerous applications are being created to satisfy the end user. Especially the ones 
involving the Ad-Hoc networks are becoming famous because of the features they provide to the applications namely ease of 
deployment, cost effectiveness and robustness. Research in this field is expanding at a rapid pace. Our aim was to provide a 
platform for such attempts. We came up with a Test bed that could provide the basic functionality for doing so. This paper 
explains how we achieved our goals-from the concept phase to the coding phase along with the application areas of our work. 
 
2. Vocabulary- Ad-Hoc networks [1], Broadcast [2], Multicast [3], Sensor networks [4] , Unicast [5], Threads[6]. 
 
       Ad-Hoc networks are the wireless networks that can be deployed rapidly without any infrastructure such as access points. 
This feature makes them more attractive compared to their wired counterparts. In Ad-Hoc networks neighborhood data is very 
important for communication purposes. To enable communication between nodes that are configured to be in Ad-Hoc mode, 
the operating systems provide few interfaces. Information like neighborhood availability is not made available to the user’s 
application by the operating system. We developed few modules that could provide the user’s application with the data like 
neighborhood availability and one that facilitates communication (text) between the nodes (neighboring). In short our 
application modules impart intelligence to the nodes by which they will be able to recognize who their neighbors are, in real 
time, just like humans do. As humans have the luxury of looking at their neighbors and recognizing them, which is not the case 
with the PDA s and laptops that we used, we provided the PDA S with a mouth and an ear to recognize their neighbors. Infact, 
this process is just like what we humans do to find who our neighbors are without the visual input involved i.e. only with our 
mouth and ears. One would regularly announce his/her presence and would also be listening for those of his/her neighbor. If 
any announcement is heard, one would make note of it and carry on. This is the same thing that we converted into code to be 
implemented on the PDAS and laptops. The important modules in our application are Neighborhood discovery module, 
Neighborhood maintenance module and the communication module. 
 
2.  Neighborhood discovery module 
 
       This module involves the routing mechanisms like multicast through which all the nodes in the network can announce at 
regular intervals their availability. The regular interval is a crucial parameter in the network convergence. The smaller it is the 
faster the network becomes stable. It is also called the convergence time of the network. The multicast inherently provides a 
security feature by which a node whose authenticity cannot be proven will not be able to join the network. This is the starting 
point for the research projects on node authentication (security) in Mobile Ad-hoc networks where nodes are free to move 
around. The module also provides the functionality that enables the nodes to continuously listen for the neighbor discovery 
messages being sent by its neighbors, if there are any. As soon as a neighbor’s message is heard, it is added to the neighbor 
table which is a global data structure i.e. it is available to all the other modules in the application. There is a checking 
mechanism involved to make sure that redundant neighbor information is not stored in the neighbor table. Only neighbors 
whose messages were not heard previously will be added to the table of neighbors. This is important for the routing process to 
be successful as it depends on the validity of the data present in the neighbor table. 
 
3.  Neighborhood maintenance module 
 
       This module maintains the authenticity or validity of the data present in the neighborhood table. This module makes checks 
to see whether the data in the table is valid or not by constantly monitoring the data that is heard by the node. If a neighbor 
whose information is already present in the table is not heard for a certain amount of time, it is considered to have moved away 
or turned off and the information regarding the node is removed from the neighborhood table. 
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4.  The communication module 
 
       This module facilitates the nodes to communicate with each other by using low level mechanisms provided by the 
operating system called sockets. This module uses the Unicast mechanism, in which a node specifies a destination nodes 
address and starts communicating with it. The destination address is provided by the neighborhood table data structure. All the 
above said processes are intertwined i.e. one uses the data collected by the other. Mechanism to prevent dead lock situation is 
also provided in the application. These modules are developed in such a way as to facilitate extensibility. The whole frame 
work is created to be light weight threads. 
 

                     
               
                Broadcast process     Unicast Process 
 
5.  Applications 
 
       Simulating Key management scenarios, Routing protocol implementations, Neighborhood aware network applications, 
Simulating Cluster computing networks, Simulating Smart sensor networks, Simulation of Mobile Ad-hoc networks in real 
time. 
 
6.  Conclusion 
 
       We provided the concepts and were successful in making the concepts concrete by creating the code. We hope that the Test 
Bed would not only facilitate research in the intended fields of application but also make learning a happening and fun process. 
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1. Introduction 
 
       The idea for this paper came as a result of my lack of understanding the reasoning, the justification of the restrictive and 
selective immigration laws enacted in the 1920s: what they contained, and what they fought against.  As I began to look for the 
origins of these laws I found that much of the efforts for restriction were reactionary trends against an ever-growing foreign 
element in the United States at the turn of the twentieth century.  However, I also found that many of the accounts and 
scholarly works surrounding the topic of immigration tended to be biased towards presenting these laws and regulations as 
discriminatory and un-American.  It became my project to research these trends as well as those individuals involved in anti-
immigration movements to understand their prejudices and fears, and determine whether there was any legal, Constitutional 
basis for the restrictionary actions of the 1920s. 
 
       My attempt at this project was not to provide a revisionist account of the early twentieth century, its prejudices, and the 
Quota Laws, but rather to place it in the context of its own time period.  The present accounts of this history inject a certain 
amount of what I have understood as “presentism” into their work, meaning that they have interpreted and criticized this period 
based on the predominant liberal-immigrant policies of the present day which favor porous borders.  I have maintained in the 
early part of my essay that this period of the 1920s became the end of an era, as it was followed by one with much more 
governmental intervention and bureaucratic structure than is the reality of today.  As a result of these changes and the gradual 
shift towards social welfare and humanistic modes of thought, that previous era before the 1930s acted and reacted according 
to the socio-economic, “unenlightened” norms of the day.  My work therefore is an attempt to dismantle the stigma that is 
projected onto this period due to now-accepted social and governmental-legislative standards.  In this regard, my project falls 
into a category which is somewhat unresearched as it tries to explain something often very misunderstood. 
 
2. Development 
 
       The methodology for this research was based first on finding current scholarship about the “story” of American 
immigration in order to understand the timeline, but also to determine the positions and possible biases of those more 
contemporary authors.  This provided the historical background for my work on immigration.  I was then able to pair this 
understanding of immigration and its trends alongside the timeline of what I understood about American history to recreate the 
scene, as it were.  I then delved into some of the publications of the timeframe of 1890s – 1920s as a way to gain knowledge of 
those contemporary ideas, trends, perceptions, and ideologies.  I found that many of the scientific and ideas of the day, such as 
Social Darwinism and its theories of natural selection and survival of the fittest, along with the Eugenics movement, were 
often used to classify peoples of different races, but also of different regions of the same landmasses, and assign to them 
certain stigmas and status.  Some of the more prominent ideologues that I researched or came across were Dr. Harry Laughlin, 
a well-known eugenist of the day, and John R. Commons and Madison Grant, authors, respectively, of the popular works on 
race and eugenics titled Races and Immigrants in America (1907), and The Passing of the Great Race (1916).  
 
       I lastly began the arduous task of locating and researching the Congressional Records for any mention of the various 
immigration laws so as to analyze their texts, as well as their introductory purposes.  I found that the tilt towards immigration 
regulation was great, and that most legislators supported regulation of some sort, and still most, but fewer, favored restriction.  
Because of the fears that were seemingly playing out in American society these legislators were willing to support regulation, 
whether or not it was based on racial or eugenic justifications.  Like many Americans these men in power understood that a 
“Great Wave” of immigrants were continually flowing into the United States and heavily populating its cities, seemingly not 
assimilating, driving native-born wages down, and generally were a poor and destitute people.  The newer immigrants arriving 
after the 1890s brought with them their foreign cultures, customs, languages, and some even their radical political beliefs 
which were deemed threatening to the American way of life.  These and other fears, coupled with racial and social ideologies, 
caused legislators to be motivated to action.  Commissions were set up to determine the impact of these new immigrants on the 
US, and their findings helped to influence the emplacement of a literacy test in 1917, followed by the restrictionary Quota 
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Laws of 1921 and 1924 which were based on the presence of a ethnicity’s population present in the US in 1910 and then 
changed to 1890, respectively.  Ultimately, these laws culminated in the 1929 National Origins Quota which was based on 
population representation according to the 1920 census record. 
 
       After researching the debates, arguments, and justifications for these laws I determined to discover their legality against 
the framework of the US Constitution, as well as their adherence or opposition to American tradition.  For the former I found 
that the US Constitution and subsequent precedent leaves the question of immigration and immigration policy to the 
determination of the Legislature.  Therefore, the restrictionary laws that were enacted in the early twentieth century were 
wholly Constitutional based on this fact and that their reasoning was for the protection of American citizens and their wishes.  
For the latter, the question of whether these laws were against what the United States stood for or not, looking into precedent 
set by George Washington in his personal letters and writings seemed to be appropriate as Washington has been named the 
advocate of the global masses.  I found that while he was a proponent of immigration he was also an advocate for immigration 
of certain people groups, such as the Dutch, who he knew to be hard-working, industrious, and moral Christian peoples who 
would contribute to the survival and prosperity of the republican experiment that he and the Founding Fathers had created.  
 
3. Conclusion 
 
       My research led me to the conclusion that the actions taken in the early twentieth century regarding immigration quotas, 
while not fully justified by their reasoning, were justified by their method.  The actions taken towards immigration were 
actually reaction to changes in society by a people who believed that the overwhelming foreign element could possibly disrupt 
and pollute the great American republican experiment and the thriving society it had produced.  While it was and is often 
maintained that the American tradition was one of free and open immigration, the circumstances and fears of the 1890s-1920s 
dictated the application of another American tradition: self-government.  It was and remains the right of the United States 
citizenry to make and enforce their own laws, and because of the absence of an immigration policy or law in the Constitution, 
there remains the right of those elected representatives to legislate a policy for or against peoples who are not citizens of the 
United States.  Citizens or subjects of foreign nations were not, therefore, inherently entitled to US citizenship or favor, and the 
actions of the US government were legally sound and implemented during a time of great change, uncertainty, and fear. 
 
Table 1: Results of the 1924 Quota, 1925-1927  Source: Statistical Abstract of the United States (Washington, D.C. GPO 1929), 100. 

Northwest Europe and Scandinavia Eastern and Southern Europe Other Countries 

Country Quota   Country Quota   Country Quota

Germany 51,227   Poland 5,982   Africa (other than Egypt) 1,100 
Great Britain and Northern Ireland  34,007   Italy 3,845   Armenia 124 
Irish Free State (Ireland) 28,567   Czechoslovakia 3,073   Australia 121 
Sweden 9,561   Russia 2,248   Palestine 100 
Norway 6,453   Yugoslavia 671   Syria 100 
France 3,954   Romania 603   Turkey 100 
Denmark 2,789   Portugal 503   Egypt 100 
Switzerland 2,081   Hungary 473   New Zealand & Pacific Islands 100 
Netherlands 1,648   Lithuania 344   All others 1,900 
Austria 785   Latvia 142      
Belgium 512   Spain 131      
Finland 471   Estonia 124      
Free City of Danzig 228   Albania 100      
Iceland 100   Bulgaria 100      
Luxembourg 100   Greece 100      
               
Total (Number) 142,483   Total (Number) 18,439   Total (Number) 3,745 
Total (%) 86.5   Total (%) 11.2   Total (%)  2.3 
               
(Total Annual immigrant quota: 164,667)              
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Incorporating a Microbiology Curriculum with an Emphasis on 
Vocabulary by Utilizing Verbal, Reading, and Writing Skills in a 

Secondary Classroom 
 

K.L. Wright 
 

Department of Curriculum and Instruction, College of Education 
 
1. Introduction 
 
       In 1990, the National Research Council marked science as a national priority and set a future goal to increase student 
achievement in science and math [1;2].  Since 1990, science education reforms have suggested that science teachers should 
focus on communication through written and oral interactions in an attempt to increase science literacy [3]. One of the specific 
areas that encompass both written and oral communication within the science classroom is vocabulary. 
 
       Due to extended research that has been conducted on vocabulary in the classroom, many educators are aware of the strong 
relationship between vocabulary knowledge and subject comprehension [4]. Despite this understanding, however, many science 
students do not have developed oral vocabularies [2]. Students with limited vocabulary skills are less likely to develop an 
integrated understanding of the science concepts since science textbooks utilize thousands of specialized and technical 
vocabulary words for each year of school [5; 2]. For this reason, science activities and lessons should be carefully developed for 
vocabulary learning and enhancement. 
 
       It was believed that if students received microbiology instruction with an emphasis on vocabulary by utilizing reading, 
writing, and verbal skills, their knowledge of microbiology would increase more than if they received instruction without an 
emphasis on vocabulary. The curriculum for this project was designed for a secondary microbiology class and consisted of oral, 
written, and reading activities to promote vocabulary learning in the subject area.  
 
2. Method 
 
       A six-week curriculum for a secondary microbiology elective class was developed and used for a private high school class. 
The project consisted of a cumulative pretest followed by four separate microbiology units of materials. The first two units of 
instruction emphasized vocabulary through hands-on lab activities with vocabulary, discussion-based and written questions 
over vocabulary words, vocabulary review and discussion, case study readings, class discussions over various microbiology 
topics, and lab results. The lab activities provided the students with interactive learning and covered certain vocabulary terms. 
Students received one case-based investigation per week consisting of a written story that allowed class exploration in a 
microbiology topic and further understanding of specific vocabulary terms. Class discussions that followed labs and case 
studies allowed an informal assessment of each student’s comprehension and gave students the opportunity to cognitively 
evaluate the assignment’s effectiveness on their learning. During each unit, students were given a list of topics that had been 
covered or discussed in class as a review for their unit test. At the end of each eight-day period during the first two units, 
students worked in pairs to review the words that they had worked with throughout the unit. At the end of the class period, a 
short vocabulary quiz was administered to assess the understanding of the words. In addition, at the end of each unit, students 
took a unit test over the content material. The final two units of the microbiology curriculum study offered the same various 
classroom activities, however, vocabulary was not discussed, there were no questions over vocabulary understanding or usage, 
and no vocabulary review was provided for quizzes.  Following each of the final two eight-day units of the microbiology study, 
a vocabulary quiz and unit test was administered to the students over the vocabulary words and content material that had been 
encountered. At the end of the study, a posttest was given. The pre and posttest, the unit test, and the vocabulary quiz results 
were compared for differences between units of study with an emphasis on vocabulary and without. The pre and posttest results 
were also compared to measure overall improvement in basic microbiology knowledge. To measure vocabulary retention over 
time, a final vocabulary test over all of the words covered during the study was administered two weeks after the study was 
completed for comparison of the first two vocabulary treatment units versus the last two control treatment units.  
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3. Results 
 
       Assessment results for each of the four units showed an average score that was 8.4% higher in content knowledge for the 
two units presented with an emphasis on vocabulary than the two units without the emphasis. Assessment results for vocabulary 
showed an average score that was 20.1% higher in vocabulary knowledge when vocabulary instruction was emphasized than 
when it wasn’t. Differences in pretest and posttest scores showed that comprehensive microbiology knowledge of all four units 
increased by an average of 38.8%. Two weeks after the study, vocabulary retention was assessed and showed a class test 
average of 84.9% for the experimental unit words and an average of 71.8% for the control unit words. 

 
4. Discussion 
 
       While the results supported the hypothesis, several factors could have played a role in the results of the study. Test 
treatment order could have affected the results. All assessment tests were administered in the same format, so students had the 
opportunity to become familiar with the test format for the last two units of study in which vocabulary was not emphasized and 
may have scored higher than they would have otherwise. Oppositely, student enthusiasm and effort seems to dwindle as a 
semester progresses, so emphasizing vocabulary for the first two units may have resulted in higher assessment achievement 
than if vocabulary had been emphasized later in the study. Class time could have also played an impact on the results of the 
study. The class was taught during the last hour of the day, which resulted in numerous absences for several students. In 
addition, by the end of the day many students are tired and unfocused, which would affect their overall understanding of 
instruction on any given day. Finally, on two of the assessment days, students were overwhelmed with other tests and large 
assignments that were due on the same day, which always tends to affect student focus and time spent reviewing outside of 
class. 
 
5. Conclusion 
 
       Overall, the test treatment of emphasizing vocabulary was effective for students in learning both vocabulary and content 
information. Vocabulary retention scores showed that the test treatment also seemed to be effective in long-term memory of 
vocabulary words. The major contributing factors to these results were using activities appropriate for the secondary level, 
using activities that would enhance an understanding of the vocabulary, the amount of participation by the students in each 
activity, and the students’ knowledge of the concepts prior to the study. Teachers must incorporate activities that integrate 
vocabulary as a regular part of all subject matters. For science teachers specifically, emphasis should be placed on technical and 
specialty vocabulary that occurs in the classroom to improve national benchmarks, science literacy, and enjoyment for more 
students.  
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Characteristics of Adolescents in a Inpatient Psychiatric Unit 
 

N. Ballinger MSN 
 

                                                                                  Department of Nursing, College of Health Professions 
 

1. Introduction 
 
       Dramatic changes in the health care system in the United States have led to a shorter length of stay and stricter criteria for 
admission.  In order to provide the most appropriate treatment, knowing the characteristics of the adolescent population being 
served is critical [1,2]. The purpose of this study was to identify the mean age, mean length of stay, and the most frequently 
seen diagnoses for the adolescent population being served by Via Christi Regional Medical Center/Good Shepherd Campus’ 
Adolescent Psychiatric Inpatient Unit. 
 
2. Design, Methods, Results, Discussion and Significance 
 
       This was a non experimental retrospective descriptive study.  Descriptive statistics were used to describe and synthesize the 
data.  Data was collected from Via Christi Regional Medical Center/Good Shepherd Campus Adolescent Unit for adolescents 
ages 12 to 18 admitted to the unit from March 1, 2004 to June 30, 2004.  Data included the unit admitted to, dates of admission 
and discharge, length of stay, age, gender, and diagnoses.  Data was collected on a total of 172 patients (Group 1; Males N=66) 
(Group 2; Females N=108). Length of stay (LOS) was measured as the number of days from admission date to discharge date 
with lengths of stay less than 1 day recoded to equal 1 day.  Primary psychiatric diagnoses were collapsed into six categories 
reflecting DSM IV categories: 1) Major Depressive Disorders; 2) BiPolar Disorders (both I and II); 3) Disruptive Behavior 
Disorders (Attention-Deficit Hyperactivity Disorders, Oppositional Defiant Disorder, and Conduct Disorder); 4) Schizophrenia 
and other Psychotic Disorders; 5)Adjustment Disorders; 6)  Other Disorders.  Statistical analysis of the date was completed 
using the Statistical Program for the Social Sciences (SPSS) software.  The mean and range were computed for age and length 
of stay.  Frequency data was run for admissions by gender.   T-tests for independent samples were computed to see if 1) there 
was a significant difference in mean LOS between males and females and 2) if there was a significant difference in mean age 
between males and females.  A Chi-Square was run to determine if there was a significant difference in diagnosis between 
males and females. 
 
There were 172 subjects in this study. Most (n = 108, 63%) of these were female. 
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Figure 1. A comparison of the frequency of admissions for males and females. 
 
       Subjects in the sample ranged in age from 12 to 18 with a mean age of 15.49.  There was no significant difference in mean 
age between males and females.  The mean length of stay was 4.86 days. There was no significant difference in mean length of 
stay found between males and females. These were tested by using a t-test for independent groups for both statistics.  Table 1 
indicates the findings of these t-tests. 
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Table 1. Comparison of Mean Length of Stay and Mean Age Between Males and  
   Females. 
 Male 

(n=66) 
Females 
(n=108) 

Significance 

Length of Stay 4.94 4.78 .454 
Age 15.59 15.39 .151 
p Value <0.05 
 
Table 2 lists categories of diagnoses and the number of males and females in each category. 
 
Table 2.  Differences in Diagnoses Between Males and Females 
Type of Disorder Males 

(n=66) 
Females 
(n=108) 

Major Depression 25 61* 
Bipolar 9 11 
Disruptive Behavior 22 11* 
Schizophrenia and Psychosis 6 5 
Adjustment Disorders 0 13* 
Other 4 7 
*p Value <0.05. 
 
       As shown in Table 2 the three most frequent diagnoses were Major Depressive Disorders, BiPolar Disorders, and 
Disruptive Behavior Disorders.  There was a significant difference between males and females with Major Depressive Disorder, 
Disruptive Behavior Disorders, and Adjustment Disorders.  Females had a higher incidence of Major Depression and 
Adjustment Disorder than males and males had a higher incidence of Disruptive Behavior Disorders than females.  BiPolar 
Disorders, Schizophrenia and other Psychotic Disorders, and the category of Other Disorders showed no significant difference 
between males and females.    
 
3. Conclusions  
 
       The data from this study is important to nurses and advanced practice nurses who care for adolescents in inpatient settings. 
Nurses can add this data to their knowledge base of age appropriate care to improve patient care and outcomes.  
Psychiatric/Mental Health Nurse Practitioners can utilize this data in inpatient settings to plan evidence-based treatment 
interventions appropriate for the population being served and to improve patient outcomes [3]. 
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1. Introduction 
 
       One area of male specific health issues would certainly be disease affecting the prostate.  Three main prostatic ailments 
include, Prostatitis, Benign Prostatic Hyperplasia (BPH), and Cancer.  Symptoms of prostatitis include pelvic pain, and pain 
during urination or ejaculation.  Similarly, the enlargement of the prostate induced by BPH, causes a choking off of the urethra, 
makes urination difficult, and also blocks seminal flow. 
 
       Prostate cancer is the most common malignant form of cancer in men in the Western world.  Radical prostatectomy has 
been the treatment of choice in the past; however, complications have resulted in the use of thermal therapies such as 
microwave, cryotherapy, focused ultrasound, and laser methods.  
 
       Cryoablation, a form of cryotherapy, can be used to destroy cancer cells within the prostate.  This therapy involves the 
controlled freezing to cellular kill temperatures of 233 Kelvin (-400C).  The goal is to maintain a sufficiently low intraprostatic 
temperature that will kill cancerous lesions.  Ice nodules that form in the < 233 K temperature range will effectively kill 
cancerous cells but an important consideration is the temperature gradient.  The leading edge of the nodule will be at about 265 
K (–8oC).  If a steep temperature gradient could be attained it would allow the edge of the << 265 K hard frozen tissue to 
virtually reach out to the extremities of the prostate while maintaining a nondestructive temperature at the prostate wall.  
Unfortunately the frozen tissue obstructs the propagation of sound waves and ultra sound imaging only provides real time data 
related to the anterior edge of the nodule [1].  It is this last concern that necessitates temperature profile modeling to provide a 
clear picture of the process of freeze/thaw cycles.  Predictive modeling can improve ‘kill’ success by suggesting proper initial 
placement and quantity of probes for individual patients. 

 
2. Purpose 
 
       The goal of this particular project is to model the time rate freeze development within the prostate, and to provide a fast 
efficient and user-friendly modeling method.  Entries of basic prostate dimensions, and probe location(s) will allow 
individualized treatment and maximize temperature gradient at diseased tissue, or prostate extremities.  Starting with only one 
cryoablation probe, the transient cooling rate is explored and then additional probes are added in an attempt to maximize the 
nodule temperature gradient. 
 
3. Modeling 
 

• Prostate is isotropic and homogenous, and perfusion has minimal and decreasing effect during the process. 
• At 20 mm outside the boundary of the prostate, the temperature is fixed at 310 K (370C). 
• Temperature of urethra maintained minimally at 310 K. 
• Cryoprobe tip approximately 2.3 mm sphere, tip temperature = 80 K (-1930C) with no probe body losses. 

       A CIRS Model 066 Phantom Prostate is used as the physical model in this project.  Basic dimensions:  4.5 cm wide x 5 cm 
long x 4 cm high.  Theoretical modeling will concentrate on maintaining maximum cooling rate in the side view.  A 2D slice of 
the prostate is modeled across the narrowest portion of the prostate and parallel to the urethra. 
 
4. Finite Difference Method 

Forward Difference Approximation 
       Basic theoretical modeling and charting are solved using an excel spreadsheet.  The modeling equations are based on the 
Pennes bioheat equation [2].  To obtain the physical equations Finite Difference discretization was applied to the prostate heat 
transfer parameters shown in Table 1.   

 
 

 171



Table:  1 
Prostate Physical and Thermal Parameters 

   

Condition 
Thermal Conductivity k 
W/m*K 

Density ρ 
kg/m3

Specific Heat c  
J/kg*K 

α 
α = k/ρc 

Unfrozen 0.45 1086 3520 1.177E-7 
Frozen 2.00 1034 1840 1.051E-6 
Slush 1.22 1060 2680 4.295E-7 
 
Heat Equation: 
∂/∂x(k ∂T/∂x) + ∂/∂y(k ∂T/∂y) + ∂/z(k ∂T/∂z) + q = ρcp(∂T/∂t) 
 
Please note spreadsheet tests condition and then applies correct parameter: 

1. α changes depending on the prostate frozen/unfrozen status. 
2. Delta t (∆t) is user selected, ∆x is calculated, and 2D space is modeled where ∆x = ∆y. 
3. Fo is dependent on the above and ∆x is calculated with Fo maximum at 0.24. 
4. Steps in 2D space represented by: m and n.  Time steps represented by: P. 

α = k/ρC (1/α)(∂T/∂t) = (∂2Τ/∂x2) + (∂2Τ/∂y2) 

Fo = α∆t / ∆x2,  and for stability  Fo < ¼ 

TP+1
m,n = Fo(TP

m+1,n + TP
m-1,n + TP

m,n+1 + TP
m,n-1) + (1- 4Fo)TP

m,n

Each cell selects and then applies the appropriate values of k, ρ, and cp, based on a temperature cut off of 0oC. 
 
5. Results 
 
       The two graphs included show temperature versus both time and position relative to the probe.  Figure 1 illustrates the 
tissue temperature at fixed intervals distant from the probe tip.  Each individual trace indicates a temperature, ‘sphere of 
influence’, at a specific time post probe activation.  Figure 2 more clearly represents the temperature gradient rate at fixed 
distance intervals.  Several additional charts are needed including multiple probes and probe positions to effectively predict 
both the temperature gradient and the tissue transient temperatures.  The spreadsheet application however, makes it very easy to 
change and manipulate probe(s) position and duration parameters.  Charted results update automatically and instantaneously, 
allowing a user to tailor results to unique and specific patient conditions. 
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